WHOI-2006-12

2005 Program of Study: Fast Times and Fine Scales

Fellows Project Reports

0.7\ 0%0731 05) Ll | Course Lectures



WHOI-2006-12

2005 Program of Studies: Fast Times and Fine Scales

by
Oliver Buhler and Charles Doering, Co-Directors;
Joseph Keller, George C. Papanicolaou and Eric Vanden Eijnden, Principal Lecturers
July 2006

Technical Report

Funding was provided by the National Science Foundation under Contract No. OCE 03-25296.

Reproduction in whole or in part is permitted for any purpose of the United States
Government. This report should be cited as Woods Hole Oceanog. Inst. Tech. Rept.,
WHOI-2006-12.

Approved for public release; distribution unlimited.

Approved for Distribution:

ﬂ;hjﬂ lwlle

Robert A. Weller, Chair

Department of Physical Oceanography




This page intentionally left blank.



Abstract

The 2005 GFD program was entitled "Fast Times and Fine Scales" with a focus on asymptotic
and stochastic modeling methods that exploit a physical scale separation of some kind. An
extremely strong application pool resulted in the appointment of the unusually large class of
eleven GFD Fellows for the summer. The first week consisted of principal lectures from Joe
Keller on waves in fluids, ray methods, and a variety of applications. The second week was
divided between Eric Vanden-Eijnden's lectures on Brownian motion and stochastic differential
equations, and George Papanicolaou's lectures on variational principles and asymptotic methods
in homogenization theory. The principal lectures were particularly well-attended but the lecture
room at Walsh Cottage proved up to the task of accommodating the full audience.

Research lectures by staff and visitors were delivered daily throughout the program addressing
topics ranging from applications of multiscale modeling methods in ocean and atmosphere
dynamics, to applications of stochastic methods in populations dynamics and chemical kinetics,
to applications of homogenization theory in materials science and engineering. The program
also included a popular public lecture on the timely subject of tsunamis. As usual this summer
ended with the Fellows' reports including two experimental projects and theoretical
work on a variety of problems inspired by the summer's research theme.

Oliver Biihler and Charlie Doering acted as co-Directors for the summer. Janet Fields, Jeanne
Fleming and Penny Foster provided the administrative backbone for the program. Keith Bradley
supplied technical support, and Matt Finn ran the computer network and graciously helped with
the production of the summer's proceedings volume. As always we are grateful to Woods Hole
Oceanographic Institution for the use of Walsh Cottage, the perfect setting for the GFD program.
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GFD 2005 Lecture Schedule

(All talks held in Walsh cottage unless otherwise noted.)

June 20 - July 1, 2005 - Principal Lectures Schedule

Monday, June 20 - Friday, June 24, 10:00 AM
Joseph B. Keller, Stanford University
o Review of ideal fluid dynamics; derivation of surface and gravity wave equations.
o Linear perturbation theory, short wave asymptotics and ray methods.
¢ Applications: shoaling, scattering, and waves in channels of variable depth.
s Heat conduction in inhomogeneous media, effective conductivities and multiscale analysis.

s Longwave dynamics; example: harbor with a small opening and energy exchange with the
outside.

Monday, June 27 - Wednesday, June 29, 10:00 AM
Eric Vanden-Eijnden, Courant Institute, New York University
* Brownian motion, stochastic integrals, stochastic differential equations.
o Kolmogorov backward and forward equations, Feynman-Kac formula, Girsanov theorem.

e Averaging theorems for Markov chains and stochastic differential equations.

Thursday, June 30, 10 AM and Friday, July 1, 10:00 AM and 2:30 PM
George C. Papanicolaou, Stanford University
¢ Introduction to the use of variational methods for high-contrast diffusivity problems.

e Variational principles for convection-diffusion and their use for the analysis of high Peclet
number behavior.

e The notion of eddy viscosity for 2D cellular flows and its behavior at large Rayleigh numbers.
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Week of June 20 - 24, 2005 - Regular Seminar Schedule

Thursday, June 23
2:30 pm Edriss Titi, Weizmann Institute and Univ. of California, San Diego

Global Regularity for the 3-D Primitive Equations of Large
Scale Ocean and Atmospheric Dynamics

Week of June 27 - July 1, 2005

Monday, June 27
2:30 pm Stefan Llwellyn-Smith, University of California, San Diego
Impact of a Cylinder
Tuesday, June 28
3:00 pm Physical Occanography Dcpartment Seminar, Quissett Campus
Olaf Dahl, Goteborg University
Development of Perturbations on a Buoyant Coastal Current

Week of July 4 - 8, 2005

Monday, July 4 HOLIDAY
Tuesday, July 5
10:00 AM Salvatorc Torquato, Princcton University
Random Heterogeneous Materials for Fun and Profit
Wednesday, July 6
10:00 AM Jacques Vanneste, University of Edinburgh

Passive-scalar Decay in Smooth Random Flows
Thursday, July 7
10:00 AM Charles Doering, University of Michigan and
Bill Young, University of California, San Diego
Stirring up Trouble: Estimates of Mixing Efficiency
Jor Incompressible Flows
Friday, July 8
10:00 AM Jean-Luc Thiffeault, Impcrial College
Mixing with Ghost Rods




Week of July 11-15, 2005

Monday, July 11
10:00 AM

Tuesday, July 12
10:00 AM

Wednesday, July 13
10:00 AM

Thursday, July 14
10:00 AM

Friday, July 15
10:00 AM

Rachel Kuske, University of British Columbia
Multiscale and Noise Sensitivity

Oliver Buhler, Courant Institute
Wave Capture, Wave-Vortex Duality, and the
Gait of the Waterstrider

Onno Bokhove, University of Twente
Reservoir Formation in Shallow Granular Flows
through a Contraction

Matt Finn, Imperial College
Topological Chaos in Spatially Periodic Mixers

Rachel Zammett, Oxford University

Spiral Troughs and Katabatic Winds on Mars
Geoff Evatt, Oxford University

Dansgaard-Oeschger Events and Subglacial Formation
Andrew Fowler, Oxford University

The Day after Tomorrow

Week of July 18 — 22, 2005

Monday, July 18
10:00 AM

Tuesday, July 19
10:00 AM

Wednesday, July 20
10:00 AM

Thursday, July 21
10:00 AM

Friday, July 22
10:00 AM

Andrew Majda, Courant Institute
A New Multi-scale Model for the Madden-Julian Oscillation

Marcel Oliver, International University, Bremen
Averaging by Degenerate Asymptotics

Herbert Keller, Caltech
Kolmogorov Flows via Continuation, Bifurcation and RPM

Norman Lebovitz, University of Chicago and Joseph Biello, Courant
Institute/UC Davis
Hamiltonian Reduction and Dirac Brackets

Andrew Belmonte, Penn State University

Fast Times and Fine Pasta: Stress Waves, Buckling, and
Breaking
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Week of July 25-29, 2005

Monday, July 25
10:30 am Jack Whitchead, P.O. Department, WHOI
Temperature-salinity Laboratory Climate Experiments
Tuesday, July 26
10:30 am William Young, Scripps Institution of Oceanography
Bugery and Fockery
Wednesday, July 27
10:30 am Alexey Federov, Yale University
ENSO Dynamics in a Quasi-fast-wave Approximation and Energy
Dissipation Rates in the Tropical Ocean
Thursday, July 28
10:30 am Joel Rogers, NRL and Brooklyn Polytechnic Institute
Nonclassical Hydrodynamics
Friday, July 29
10:30 am Ncil Balimforth, Univ. of British Columbia and David Vener, M.1.T.

Snail Balls and More

Week of August 1- 5, 2005

Monday, August 1
10:30 am John D. Gibbon, Impcrial College, London
Cluster Formation on Complex Multi-Scale Systems

Tuesday, August 2
10:30 am Eric Vanden-Eijnden, Courant Institute
Large Deviations (A pseudo-pedagogical lecture!)

Wednesday, August 3
10:30 am Leslic Smith, University of Wisconsin
A Mechanism for the Formation of Jets and Vortices
in Rotating Flows
Thursday, August 4
10:30 am Fabian Walcffe, University of Wisconsin
Structures of Shear Turbulence
Friday, August 5 Predrag Cvitanovic, Georgia Tech
10:30 am Unstable Recurrent Patterns in Kuramoto-Sivashinsky Dynamics
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Week of August 8-12, 2005

Monday, August 8
10:30 am

Tuesday, August 9
10:30 am

Wednesday, August 10
10:30 am

Thursday, August 11
10:30 am

Friday, August 12
10:30 am

George Veronis, Yale University
Experiments and Theory on the Dynamics and Energetics of
Double Diffusive Systems

Paul Milewski, University of Wisconsin
Breaking Waves and Mixing in Shallow Water

Christopher Wolfe, Oregon State University
Special Seminar - Disturbance Growth in a Time Periodic
Baroclinic System

Ed Spiegel, Columbia University

Phenomenological Photofluiddynamics in Hot Stars

Jost von Hardenberg, ISAC-CNR, Torino
Vegetation Patterns in Drylands

August 22-25, 2005

FELLOWS' PRESENTATIONS

Monday, August 22
10:00 - 11:00 AM

11:00 AM - 12:00

2:00 - 3:00 PM

Tuesday, August 23
10:00 - 11:00 AM

11:00 AM - 12:00

Benjamin Akers, University of Wisconsin-Madison
Shallow Water Flows through a Contraction

Tiffany Shaw, University of Toronto
Bounds on Multiscale Mixing Efficiency

Walter Pauls, University of Nice
Diffusion Processes in Cellular Flow

John Rudge, University of Cambridge
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2:00 - 3:00 PM

Wednesday, August 24
10:00 - 11:00 AM

11:00 AM - 12:00

2:00 - 3:00 PM

Thursday, August 25
10:00 - 11:00 AM

11:00 AM - 12:00

Ravi Srinivasan, Brown University
Simple Models with Cascade of Energy and Anomalous
Dissipation

Inga Koszalka, Politecnico di Torino
The Vibrating Pendulum and Stratified Fluids

Alexander Hasha, New York University
A Search for Baroclinic Structures

Arghir Dani Zarnescu, University of Chicago

Intermittency in Simple Models for Turbulent Transport
Marcus Roper, DEAS, Harvard University

Internal Wave Breaking and Mixing in the Deep Ocean
Aya Tanabe, Imperial College of London

Laboratory Experiments on Mesoscale Vortices Colliding
with Multiple Islands
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Lecture 1: Fluid Equations

Joseph B. Keller

1 Euler Equations of Fluid Dynamics

We begin with some notation; x is position, ¢ is time, g is the acceleration of gravity vector,
u(x,t) is velocity, p(x,t) is density, p(x,t) is pressure. The Euler equations of fluid dynamics
are:

pt+V-(pu)=0 Mass conservation (1)
plus + (u-Vu)] = —Vp—pg Momentum equation (2)
p=p(p,S,T) Equation of state. (3)
Here T= temperature and S= salinity in the ocean or humidity in the atmosphere. (1)-(3)

represent five equations for five unknown functions (p, u, p). We assume T, S are given.

Note

(a) (1)-(3) hold in air with the ideal gas law

(b) (1)-(3) hold in water with the equation of state for water

(c) instead of (1)-(3), the equations of solid mechanics (elasticity, plasticity) hold in the
interior of the Earth

(d) certain conditions must hold at the interfaces between air and water, water and solid,
where the solutions are discontinuous

1.1 Boundary conditions

To study the motion of the water and its upper surface we assume that:
(a) the location of the bottom surface is known:

z=—h(z,y,t)
(b) the pressure in the air at the top surface is known:
P (2, y,t) = P [z, y, (2, y, 1), 8.
At the top surface z = n(z,y,t); 1 is to be determined.

air(

o Kinematic condition

At each free surface, the normal velocity u - v of the fluid in the direction of the unit
normal v is equal to V, the normal velocity of the surface.




— _(hahy 1) —_—h

Bottom: v= =l
Vhi+hi+1’ VhE+RZ 41

uhy + vhy +w = —hy at z=—h(z,y,1) (4)

—UNy — Uy W =T at z =n(z,y,t) (5)
e Dynamic condition

At z = n(z,y,t), the pressure in the water equals the pressure in the air (ignoring sur-

face tension):
plz,y iz, y.t),1] = p(z,y,1) at z=n(z,y,1) (6)

Note
(a) one condition at the bottom where h(z,y,t) is known.
(b) two conditions at top where n(z,y,t) is unknown.

1.2 Initial conditions

p(x,0) = R(xz) (7)
u(z,0) = U(z) (8)
n(x,y,0) = N(z,y) (9)

To solve the initial boundary value problem for motion of the water we must find p(z, t),
u(z,t), px,t), n(x,y,t) satisfying (1)-(9) given g, an equation of state, T'(x,t), S(z,1t),
h(x,y,t), p®"(2,y,t), R(z). U(x), N(z,y).

1.3 Hydrostatic equilibrium in a horizontally stratified ocean
Suppose

P = constant = po, h = h(z,y), T="T(z), S=5(2). (10)

Then a solution to the Euler equations is:
u=0, n=0, p=p(z), p=pz). (11)

Equation (1) is satisfied as are the boundary conditions (4), (5) and the z, y components
of (2). The z component of (2) becomes:

(12)
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with boundary condition

p(0) = po. (13)



The solution of (12) and (13) is called the hydrostatic pressure.

To solve for p(z) we need an equation of state. An approximate equation of state for
seawater is:

p = po— ol + S, po, o, B = constants > 0. (14)

The solution of (12) and (13) is:

p(z)=po—g [poz + a/oz T("dz' — ﬁ/oz S(z’)dz'} , z<0. (15)

The solution (11) solves the initial boundary value problem when the initial values (7)-(9)
are also also given by (11). How do we find solutions for different initial and boundary
data?

1.4 Perturbation method for solving problems

Consider an equation depending on a parameter €
F(u,¢e) = 0. (16)

The unknown u may be a function of z, ¢ or a collection of functions like p, u, p, n, and F
may be a set of equations like (1)-(6) with initial conditions (7)-(9). The solution of (16),
u(€), will depend upon e. If it is a smooth regular function of ¢, we can expand it in a
Taylor series:

u(e) = u(0) + en(0) + O(e?) (17)
o= du(e)l .
de

Suppose that we can solve (16) when € = 0, i.e. we know u(0). Then we can differentiate
(16) with respect to € and set € = 0:

Fy[u(0),0]%(0) + F.[u(0),0] = 0. (18)

If we solve (18) for 4(0) then (17) will give u(€) with an error O(e?). A better approximation
can be obtained by keeping the term %u(O) and differentiating (16) twice to get an equation
for i(0) etc.

This is the regular perturbation method, and e is the perturbation parameter. Equation
(18) is called the variational equation of (16). It is linear in the unknown %(0), so it is called
the linearized equation (linearized about u(0)). It can also be derived by substituting (17)
into (16) and expanding in powers of €.

Note that € can be any parameter, or set of parameters, which occurs in one or more




of the differential equations or in the boundary or initial conditions. The linear operator
F,[u(0),0] in (18) is always the same. Only the inhomogeneous term F,[u(0),0] depends on
what the parameter is.

Here are some examples of how we can perturb hydrostatic equilibrium.

Let po, ho(z,y), po be the equilibrium solution, and then set

P = py + epi(z,y, t) atmospheric disturbance (19)
h = ho(z,y) + ehi(z,y,t) bottom motion (earthquake, landslide) (20)
n(x,t) =0+ e (z,y) initial elevation or depression (21)
u(z,n,0) = 0+ eus(z,y) initial motion (22)
pla,n,t) = po(z) + ep1(z,y,2)  initial density anomaly. (23)

To get the lincarized equations, we lincarize about the equlibrium solution. We start with
(1):
pr+ V(pu) = 0.
We differentiate with respect to e
P+ V- (pu+ pu)=0.

We set € = 0 and then v = 0, p = pg. Hence

—~~
Fte
~—

pr+ V- (po(z)i) = 0.

Similarily, lincarizing (2)-(9) we get

[o)

poty = —Vp — pg
p = p])(pOa T7 S)p ‘*‘ pT,_T + /)SS

UWhoy + Vhoy + 1w = —hy at 2= —hy(z,y) BC at bottom

(SN~ R ]

w=1 at 2z=0 BC at top
p+p.n=p at z=0 BC at top
p(x,0) =p; at ¢ =0
w(z,0) =u; at t=0
n(z,0) =m at ¢ =0.

Q0 ~J

TN TN N N N S o o~

Equations (1) - (9) are the linear equations for p, 4, p, n and constitute an initial boundary
value problem.

2 Fluids of Constant Density

Now let’s supposce that p is a constant. Then we can cancel p from the continuity equation

to get
V-u=0.



This condition states that u is divergence free. The momentum equation becomes

1
ut+(u-V)u=_;p“g.

Recall we also had an equation of state, relating the density to temperature and salinity.
Here this equation is simply p = pg, a constant.
Since the density is constant, (15) becomes

p(2) = po — gpoz.

Linearizing the equations around a rest state yields the linear system

V-e=0
1
ﬂt:——vp.
pP

At the beginning of this section we assumed the fluid was of constant density, and showed
that this implies a divergence free velocity field. If we assume instead that when we follow
a fluid element the density does not change (rather than assume that the whole fluid has

constant density), we get

Dp
Dt tus Ve

The conservation of mass equation is then p(V - u) = 0. Thus if the fluid is incompressible,
this also implies a divergence free velocity field.

Free Surface
j N P
P = plan = on = 5(Vo))
N+ -Vé=0

2 =nfx, 1)

Fluid
Ap =0

Bottom

v-Vo=—-h

2= =hiz, )

Figure 1: Irrotational flow of an incompressible ideal fluid




3 Irrotational Motion

Now let’s introduce the quantity w = V X u, the vorticity of the fluid. If we assume that
(or begin with) a fluid where this quantity is zero, then we say the motion is irrotational.
When u(z,t) is a curl-frec vector field, then we can introduce a potential function

¢z, t) = /:u(s,t)ds.

L0

Here this integral is evaluated along any curve C from zg to z. It is a calculus exercise
to show that this potential is well defined only when we have an irrotational vector field
(hint: use Stokes’ Theorem). Notice now that u = V¢ so if an incompressible fluid is in

irrotational motion, then conservation of mass gives
V-u=V-Vo=Ad=0.

Thus ¢ solves Laplace’s equation, or in other words, ¢ harmonic. Now consider the mo-
mentum equation
1
u + (u-Viju+ -Vp=VV.
P

Here V is a potential function for the force, f, acting on the fluid. Now we can plug in
u= Vo, to get:
1
Vi +1/2V(V$)? + -Vp— VV = 0.
1)

If p is a constant, we can integrate this equation, to get:
1
O+ 1/2V9) 4+ “p =V = B().

This is called Bernoulli’s Equation. Here B(t) is an integration constant, which we can set
to zero. If B was not zero then we could consider a new system where ¢ is redefined to be
= ¢+ f(: B(s)ds, and see that ¢ solves Bernoulli’s equation with zero right hand side.
Since the gradient of 4 and ¢ agree, and it is this gradient we are interested in, we can
safely set. B to zero. Now we can solve for the velocity and pressure by solving for ¢ using
Laplace’s Equation, and then solving for p using Bernoulli’s equation. The boundary value
problem for ¢ and 1 is shown in Figure 1.

In Figure 1, we have a lincar pde for ¢ with a linear boundary condition at the bottom
boundary. On the surface, we have two nonlinear boundary conditions imposed at a location
which depends upon the solution. In linearizing this system about a rest state, all the
cquations stay the same except those on the free surface. There we get

m+v-Vo+v-Vo+ (v-Ve,)n=0 z2=0
; o e
P = pgil = 6 = dua) + 5 (V)2 z=0.
Since the rest state is ¢ = 0 and n = 0, these linearized surface equations become

77,-—!20 z=0

S
+
=
I
3
g
™2



Now we can differentiate the second equation and plug it into the first to get a single linear
free surface condition

bu+ 9. = —%ﬁ?".
When p and ¢ are time harmonic with time dependence exp(—iwt) this becomes
—f—g-q's—?fpa"—éz:o z=0.
g P9
The equations for the fluid below the surface are

(Z.Sn:‘_ilt z=—h
Ad=0 —~h<2z<0.

These last three equations govern time harmonic small amplitude irrotational motion of an
inviscid fluid of constant density.

Notes by Benjamin Akers and Tiffany Shaw.




Lecture 2: Gravity waves and the method of stationary phase

Joseph B. Keller

1 Gravity waves on a layer of uniform depth

In addition to the boundary conditions on the upper and lower interfaces, q5 must satisfy
both the initial conditions and boundary conditions on lateral surfaces or at infinity. We
consider free vibrations, in which neitlier the bottom elevation nor the pressure at the free
surface are perturbed. Morcover, we specialize to the case of uniform depth (. We now
summarize the governing equations derived in the last lecture:

V2% =0, 9 <z <0 , (1)
subject to the boundary conditions
%(? =0 on z=-hO g—?—) =8¢ at z=0. (2)

Recall that <,7) represents the spatial variation of the velocity potential, and we have defined
a wavenumber § = w?/g. We seck to solve this system of equations using separation of
variables: ¢(x,y, z) = U(x,y)f(2). After this substitution, (1) yields

S = =k (3)

The boundary conditions (2) become
f(=nP)y =0, and f'(0)=B/(0) . (4)

In cquation (3) since the left hand side is a function of only 2 and y and the right hand
side is a function of z only, both must he constant, equal to some —k2. f and U then must

satisfy
Upe + Uyy + k°U =0, (5)

=K ©

(5) is called the Helmholtz or reduced wave eqnation. Solving for f and applying the first
of the boundary conditions (4), we obtain

f(z) = Acoshlk(z + 1), (7)



where A is an arbitrary constant, and we have suppressed the superscript upon h. In order
to satisfy the free surface boundary condition, we need that ksinh(kh) = Scosh(kh), or
equivalently

w? = gk tanh(kh) . (8)

This is the dispersion relation, k is the wavenumber, and w is the angular frequency. It may
seem surprising that (8) only has one positive and one negative real solution. There are
infinitely many pure imaginary roots k = i« to this equation, but these represent evanescent
modes.

There are two physically interesting special limits

e Deep water:
kh —o00  w?~ gk. (9)

o Shallow water
kh —0  w?~ ghk? (10)

Another useful concept is the phase velocity defined by

w ] +g/k as kh— oo (11)
k Vgh as kh—0

Notice that to leading order the phase velocity is independent of the wavenumber in the
shallow water limit. Media with this property are said to be non-dispersive.

We can now solve for the z and y variations of the velocity field. Plane wave solutions
of the Helmholtz equation have the form

c

il

U(z,y) = e* T where k| =k . (12)
Therefore .
é(z,y,2,t, k) = Agilkz—uwt) cosh[k(z + h)], (13)
Wyt k) = — =60 = LA cosh(kh). (14)
g z=0 g

Finding the wavenumber for a prescribed frequency w requires solving a transcendental
equation (8). It is easier to give k and then determine w directly from (8).

2 Trajectories of fluid particles

By further integration we can obtain expressions for the motion of the water particles. We
choose axes so that k points in the z-direction, and consider the small excursions of a fluid
particle (z+z(t), z+0z(t)), where éz and dz evolve according to the linearized equations:

% = jkAetkz—wt) cosh[k(z + h)] (15)
B gt e 4 ). o)




-

0.4 0.6
x Ok/(2m)

Figure 1: (Bluc curve) Superposition of two waves of narrowly separated wavenumber and frequency.
(Green curve) The predicted curve envelope. Here §k = k/10.

On integrating up, and explicitly writing out the recal part (assuming that A is real for
convenicnee) we arrive at:

du(t) = —A:— cos(ka — wt) cosh[k(z + h)] (17)
0z(t) = —% sin(ka — wt)sinh[k(z + h)] . (18)

The particles therefore trace out an ellipse in the (z, z) plane, with horizontal axis (Ak/w) cosh[k(z+
h)] and vertical axis (Ak/w)sinh[k(z + h)].

3 Group velocity

First consider the superposition of disturbances having slightly different wavenumbers, and

identical amplitudes:
¢+ = Asin|[(k £ 0k)x — (w £ dw)t] . (19)

The sum of the two velocity potentials may be simply written:
¢4 + ¢ = 2Acos(dkx — dwt) sin(kr — wt) . (20)

The sin and cos factors describe respectively the wave, traveling at the phase velocity
¢ = w/k, and the much slower oscillations in the amplitude envelope, which propagates
at the group velocity ¢y = dw/dk =~ dw/0k. This ‘beat’ structure persists for wave packets
with any small spread of wavenumbers. The wave packet travels at the group velocity, while

10



individual wave components move through the wave packet at their phase velocities. For
gravity waves on a uniform fluid layer we have:

c 2kh
%=3 <1 + sinh(2kh)) ' (21)
Again we consider two limits for (21):
ic as kh— o0
2
cg_){c as kh—0 (22)

Now we calculate the period-integrated energy flux F through a surface x=const, with
unit width in the y-direction. This is equal to the rate of working of the pressure force

across the surface, or since in the linear approximation p = —pd¢$/0t, to:
t+T ¢ (9(]5 ‘
F=- —dS| dt, 23
p/t [ Bt dn ] (23)

where T = %’— Note that it is only necessary to evaluate the z integral over the interval
—h < z < 0; the contribution from the sliver 0 < z < 7 is of lower order. After some
calculations, we discover

== cosh?(kh)cg. (24)

Next let us calculate the total energy (associated with the flow) in abox R: {zg < = < zo+A,
yo<y<go+1l, —h<z<nh

E= p///%V(ﬁ )2+ g2]dV + Lgh? . (25)

The integral represents the total (kinetic plus potential) energy of the fluid contained within
the box, and the additional summand is simply the hydrostatic potential energy which must
be subtracted off. With a little algebra, we find that

E A?pu? 9
Ea’u = —X = —‘—‘2‘;—— cosh (]\,h) (26)
From (21), (24) and (26) we get
Fop = Egucy (27)

so that the energy of the wave propagates with the group velocity cg.

4 Superposition of plane waves

A general solution of the wave equation can be written as a linear combination of plane
wave solutions of the type considered:

n(z,y,t) = / d’k 3“%’“) (A(k:) cosh kh e®®=9) _ B(k)cosh kh ei(k'f”wt)) (28)
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The amplitude functions A(k) and B(k) can be determined to make n and 7, satisfy initial
conditions. The fluid clevation at time t = 0 is

n(x,y,0) = / d’k E—g(k—) cosh kh (A(k) — B(k)) e'*® | (29)
Thus the Fourier transform 7 of the initial fluid height is related to A and B by
ii(k,0) = i“’;k) cosh kh(A(k) — B(k)) . (30)
Similarly for the Fourier transform of the initial velocity of the free surface,
ik, 0) = “’(;")2 cosh kh(A(k) + B(k)) . (31)
Thus from (30) and (31) the amplitude functions are determined by:
i — Wil = QT‘?)Q cosh kh A(k) , (32)
T+ iwn|_, = QQig cosh kh B(k) . (33)

However convoluted the initial conditions upon the surface elevation, we can obtain the
complete cvolution of the fluid surface height if only we can evaluate these integrals. In
the days when computation was expensive, this was a knotty problem, since the range of
integration in wave number space extends out to infinity, and the amplitude functions may
decay only weakly as the wavenumber is made vanishingly small. In the next section, we de-
scribe a powerful asymptotic method for evaluation of the integral far from any disturbance

SOUTCes.

5 Asymptotic evaluation of integrals

We consider the simplest case of a one-dimensional disturbance, and seek to evaluate the
following integral: .
n(x, 1) :/ A(k)ethz—w ) g (34)
—OoC
When 2 and t are large, the integrand of (34) oscillates very rapidly and everything is
canceled out. So the dominant contribution to n(x,t) comes from the neighborhood of k =
kg, a stationary point at which the derivative of the phase function S(k,z,t) = kx — w(k)t
with respect to & vanishes. We approximate S about k& = kg by a Taylor series expansion:

S(k) = S(ks) + Spkg)(k — ko) + 1Spe(k)(k — k)? 4+ ... . (35)

Noting that Si(ks) = 0, we find that (34) can be approximated by the Gaussian integral

n(a,t) ~  A(kg)eSks) /.oo e 2 Senlke)(k=ks)? g,

o

~ A(k,)GiS(ks)@
| |Skk(ks)|

b

12



where + = sgn(Sir(ks)). Therefore, for z, t > 1,

@t~ 3 A (ks (%’)) ei(ksz—w(ks)t)__%ﬂ , (37)
)

S (k)T

since Sy = —w'(k)t. We must sum over the contributions from each of the wavenumbers k;
giving group velocities ¢4(ks) = x/t. For the given dispersion relation (8), there is precisely
one such wavenumber. This method is called the method of stationary phase.

There is a singularity in (37) if w”(ks) = 0, i.e. at the maximum attainable group
velocity. From the form of the dispersion relation (8) it may be determined that this occurs
iff K = 0 (the ‘if’ statement is an obvious corollary of ¢, being an even function of k, but
the converse statement requires a little more work). Much of the energy introduced into the
medium at the source piles up in the fastest-traveling part of the wave packet. It follows
that the formula is not valid in the neighborhood of values , t where z/t = ¢,(0) = \/gh.
To correct it, it is necessary to extend the Taylor series for z/t close to /gh:

n(z,t) ~ Alkg)etSH / " s eilhhe) Sha (k)6
—00
etio®/6 1673

o 1/3
~ Al el T / do :( ) ek 44(0) (38
(k) —oo |Skrr(ks)M3 N |Skkn(ks)| (0)(38)

Since Skri(ks) is proportional to ¢ at ks = 0, 1 decays as t=1/3. This decay is significantly
weaker than the t~1/2 decay at points behind the front. In order to obtain a uniform
approximation which combines (37) for 2/t # v/gh and (38) for z/t ~ \/gh, we can retain
both the cubic and quadratic terms in the expansion of S(k). The resulting integral can be
written as an Airy function for 7. This integral was first used by George Airy in his analysis
of light-scattering by spherical raindrops, the first quantitative model for the distribution
of colors in a rainbow.

This transitional expression is valid near the front z/t = v/gh but it becomes inaccurate
far from the front. A result valid over the whole range of z and ¢ can be obtained by writing
S(k) as a cubic polynomial in a new variable in a suitable way. This method, developed by
Chester, Friedman and Ursell, yields an Airy function of a more complicated argument. It
was applied recently to tsunami waves by Berry.

Notes by Marcus Roper and Aya Tanabe.
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Lecture 3: Asymptotic Methods for the Reduced Wave
Equation

Joseph B. Keller

1 The Reduced Wave Equation

Let v (t,x) satisfy the wave equation

1 0%

Av— ——— =0, 1

T EX) o (1)

where ¢(X) is the propagation speed at the point X. Separate variables, letting v (¢,X) =
g (t)u (X). Then

) BuX) g
c” (X) X)) e w. (2)
So
g" (1) +w?g (1) =0 (3)
and 2
Au + mu = 0. (4)

Here the constant w is the angular frequency. Equation 4 is known as the reduced wave
equation or the Helmholiz equation. Introduce a constant reference speed ¢y, and define
the index of refraction n(X) = ¢p/c¢(X) and the propagation constant (or wave number)
k = w/cy. Then the reduced wave equation (4) becomes

Au+ k*n? (X)u = 0. (5)

2 Leading order asymptotics
When n(X) is constant, the reduced wave equation has the plane wave solution
uw(X,K) = z (K)e™BX, (6)

Here the propagation vector K is any constant vector such that |K| = k, and the amplitude
2 (K) is a constant. In the case of n(X) not constant, the plane wave solution motivates

&

looking for solutions to (5) of the form

w(X) =z (X. k) e*eX), (7)

14



Here z(X, k) is the amplitude and s(X) the phase. Substituting this form into the reduced
wave equation (5) yields

—k? [(Vs)2 - n"’] 2+ 2ikVs - Vz + ikzAs + Az = 0, (8)

We are interested in looking at the asymptotic behavior of solutions to the reduced wave
equation (5) as k — oo. To explore this, we suppose z (X, k) has an asymptotic ezpansion
of the form

z (X, k) ~ i zm (X) (i)™ = i zm (X) (ik)™™, 2, =0 for m = -1,-2,.... (9)
m=0 m=—00

Here ~ denotes asymptotic equality. The asymptotic expansion above means that for each
n>0

n
2(X, k) = zn (X) (i)™ + 0 (k7"), (10)
m=0
where the notation o (k™") denotes a term for which limy_ k™o (k™™)| = 0. Note that

an asymptotic expansion may not converge! However, by truncation of the series we get an
approximation with an error which tends to zero as k — 0. Substituting the asymptotic
expansion (9) for z(X, k) into (8) yields

3 (k) { [(vs)2 - nﬁ] o1 + [2V8 - Ve + 2] + Azm_l} ~0. (11

The coefficient of each power of k must be zero. For m = —1 this gives
[(Vs)? 0] 20 =0, (12)
since zy;, = 0 for m = —1,—2,... . Assuming z9 # 0, this implies the eikonal equation for
the phase s,
(Vs)® = n® (X). (13)
m = Q yields the transport equation for the leading order amplitude zp,
2Vs-Vzo+ z0As = 0. (14)
m = 1,2,... yield further transport equations for determining the other z,. We shall

concentrate on the leading order amplitude 2y in what follows. The leading order solution
zo (X) e%5X) is known as the geometrical optics field.

3 Phase, Wavefronts, and Rays

Surfaces of constant phase, defined by s(X) = constant, are called wavefronts. Curves
orthogonal to the wavefronts are called rays (or more generally, characteristics), and are
used to solve for s(X). We write the equation of a ray in terms of a parameter o in the

form
X = (z1,x9,23) = X {0) (15)
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Orthogonality of the ray and the wavefronts implies

dx; Js
M A W 1
do ox;’ (16)

where A(X) is an arbitrary proportionality factor, and j = 1,2,3. Now, dividing the above
expression by A, differentiating with respect to o, and using the summation convention we
have that

A (ldn) _d (05 _du P 05 s A0 (0505
do \\do )] do 0x; T do Ba:iﬁxj' 83:i8.1:i8:17j—26.1:j Ox; Ox; )

Then, using the eikonal equation (13) on the right hand side we have that

1d (lde\ 9 (n? _ (18)
Ado \ A do Ox; \ 2
Furthermore, substituting the orthogonality equation (16) into the eikonal equation (13)

yiclds
doj dvj _ yop2. (19)

do do
The four equations given by (18) and (19) are known as the ray equations. The three
equations given by (18) arc second order ordinary differential equations for the rays X (o),
and (19) gives the variation of o along the ray. The rays are determined solely by n(X)
once the initial values for (18) are specified and the arbitrary proportionality factor A(X)

chosen.
Since A is arbitrary, we may choose it as we please. When A = n™! the ray equations

d dr;\ 0 n?

d.’I?j d.’l.‘j
—= —= = 1. 21
do do (21)

become

(21) implics that o is simply the arc length along the ray. When A = 1 with ¢ replaced by

7, the ray cquations become
d?x; g (n?
1 — <— , (22)

dr? duj \ 2
d.’l?j da; 9
—— 4 = p*, 2
dr dr " (23)

(22) has a natural interpretation in terms of classical mechanics, with the left hand side
being an acceleration and the right hand side being the gradient of a potential. Also, from
(21) and (23) we can sec o is rclated to 7 by

I

do

drjda; = ndr. (24)

¢oT is known as the optical length along a ray.
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4 Ray solution

The eikonal equation (13) can be solved for the phase s. Using the orthogonality (16) we
have for the derivative of s along a ray
d X _ O0s dz;j Os Os

_— = —_ = 2.
(U)] - 8.’Ej do Aaﬂij 8.’12]' An (25)

This can be integrated to give the solution for s

(o4

s[X ()] = s[X(o0)] + / A X (0)] n? [X (0")] do’. (26)

o]

The transport equation (14) can be solved for the leading order amplitude zp. Again
using orthogonality, we find that
Js @ 1dz; dzg

Vs Vzg= =0 —0 = _ 0250

d
6:cj d:Bj - A do d:l,‘j d—040 [X (0)] : (27)

1
A
Thus the transport equation (14) becomes a first order ordinary differential equation along

the ray

2 dZQ
Ndo + zpAs = 0. (28)

Given initial conditions (28) can also be integrated to solve for z9. However, there is a more
direct way to solve for zg. Note that (14) implies

V- (2§Vs) = 20 (2Vzg - Vs + 29As) = 0. (29)

Introduce a region R bounded by a tube of rays containing the given ray, and by two
wavefronts W (oo) and W (o) at the points o9 and ¢ of the given ray (Figure 1). Then
the gradient of the phase, Vs, is parallel to the sides of the tube and normal to its ends.
Integrating (29) over R and using the divergence theorem yields

o=/v- (£5Vs) dV:/ zgszda—/ 23Vs - Nda. (30)
R W(o) W (ao)

Here N is a unit vector orthogonal to the wavefront and da is an element of area on the
wavefront. From the eikonal equation (13) we have that Vs - N = n. Then, by shrinking
the tube of rays to the given ray we obtain the solution for zy from (30)

25 (o) n (o) da (o) = 25 (90) n (00) da (o0) - (31)

This can be written more conveniently in terms of the ezpansion ratio £ (o) with respect
to a reference point o; on the ray, defined by

£(0) = . (32)
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Figure 1: Ray tube and wavefronts defining region R.

W (a0)

The expansion ratio measures the expansion of the cross-section of a tube of rays, and is
simply the Jacobian of the mapping by rays of W (o7) on W (o). (31) then becomes

£ (o0) n (00) 172
£)n (o) } ‘ (33)

Importantly we note that the amplitude zo (¢) varies inversely as the square root of né
along a ray. Thus for n constant, as rays converge the amplitude zp increases, and as rays

z0 (o) = 2o (00) [

diverge zg decreases.

5 Case of Homogeneous Media

A homogencous medium is defined as one where the propagation speed ¢(X), and thus
n(X) = cy/e(X), are constants. If A = n~!, the ray equations (22) become

dQLL‘j 0 (n?
e <_2_> o, (34)

(34) gives that the rays are straight lines. The equation (26) for the phase s becomes
s(o) = s(og) + n(o — oo). (35)

To determine the amplitude zo(o) using (33), we need to determine the expansion ratio
&(0). To calculate the expansion ratio, look at two intersecting rays which form an infinites-
imal angle df, as in Figure 2. Now take any two wavefronts W(0) and W (o) intersecting
these two rays. Denote the distance between them as o, and the distance to the intersection
point to be pi, the radius of curvature of W(0). Then we can calculate the infinitesimal

arca ratio to be

E(U) _ (1(1,((1) _ (p1 +U)d91 _ 1 +U’

= = 36
d(I(O) p]df)l L1 ( )
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W (o) Wic)

Figure 2: Calculating the expansion ratio.

p1 + o is the radius of curvature of W (o). (36) states that the expansion ratio is just the

ratio of the radii of curvature of the two wavefronts. (33) then becomes
1/2

M] . (37)

Z()(U) ———20(0()) [,Dl—l-a

To use this analysis works in three dimensions, we must take twp cross sections which
slice the wavefront into its curves of maximal and minimal curvature. In 3-D this analysis
gives the expansion ratio

£(o) = (,01+(7)(p2+0')' (38)
P1pP2
The 3-D analogue of (37) is

(p1 + 00)(p2 + 90) ]/

(o1 +0)(p2 +0)

zo(o) = 20(00)

6 An Initial Value Problem for the Eikonal Equation

Here we consider the solution of the eikonal equation with initial data s(z) given at z on a
manifold M, ie a point, line or surface. The eikonal equation is

(Vs)? = n?. (40)

To make s(z) unique, we impose the condition that the solution is outgoing. Mathematically,
this condition can be expressed as

Vs -N >0, with N = The unit outward normal from M. (41)

Here M is the initial surface from which the solution is outgoing.
We will solve this problem using the method of characteristics. When the initial data

is given at a point p, we can define the solution, using the previous theory, on each ray
emanating from p.
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When the initial data is given on a curve C' we must determine the angle at which rays
emanate. This can be done by parameterizing the curve by arc length, n. Now the initial
condition s|¢ = so(n) with a parameterization Xo(n) of the curve C, yields the equation
so(n) = s(Xo(n)). Diflerentiation yields
dX ds
St (42)
dn dn
Now we use the vector identity a-b = |a||b|cos 3, where a and b are vectors and [ is the

angle between them. Then (42) gives that the angle S(n) between the tangent vector d—gl%l
to the curve C and the direction Vs of the ray is given by

Vs

1 dsg 1 dsg
ost0D) = 5 an = nRoln)] dn (43)
We have now shown how to solve the initial value problem with initial data at a point
p or on a curve C in an infinite domain. Similar analysis works when initial data is given
on a surface. Next we will consider what happens when the domain has boundaries.

7 Reflection From a Boundary

In order to consider reflection from a boundary B, we must first prescribe a boundary
condition. We will take the general impedance boundary condition, with impedance Z:

Ou + ikZ(X)u =0, X on B, v=VB. (44)
ov
Notice that the limits Z — 0 and Z — oc yield the simpler Neumann and Dirichlet boundary
conditions. To satisfy the boundary condition (44), we must introduce a reflected wave, u”
in addition to the incident wave, u!. Here we will try the same type of expansion for u”
that we have been using for o'
o
ul o~ €N T (k)T (45)
m=0

Now plugging u = u” 4+ u' into the boundary condition, we see immediately that the phases
must match on the boundary for these waves to add to zero

s"(X) = s'(X), X on B. (46)
Now collecting powers of (ik) we get the following equation for the leading order amplitudes
. (D5 os”
2l =—+Z 20 Z)=0. 47
0<31/+ >+0<8u+> 0 (47)
Thus o
98" +Z .
T ov 1
20 =— | 4=—— | 25- 48
0 (ddc,, +Z> 0 ( )

We have found the phase and amplitude of the reflected wave on the boundary. Then we
can use the previous method to construct the reflected wave.
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8 Reflection From a Parabolic Cylinder

To illustrate how this method works we will consider the example of waves reflected by a
parabolic cylinder. Physically we could envision this to be the example of waves hitting a
vertical cliff with a parabolic profile when viewed from above. Here we will consider the

AN
CS
/

v

v

>

Wavefronts

Figure 3: Reflection from a parabolic cylinder.

simple problem of an incoming plane wave e**, with the z axis the axis of symmetry of
the parabola. We will also take a uniform bottom, so that n = 1, and the cliff face to be
rigid, % = 0 for x € B. Now using the fact that parabolas focus all rays to a point, we see
that the rays reflected from the boundary of the cliff will all emanate from the focus of the
parabola. Thus the wavefronts will be circles centered at the focus of the parabola (Figure
3). If we define our coordinate system with origin at the focus of the parabola, we get the

phase of the reflected wave to be
s(r)y=so+r. (49)

Here r is the distance from the origin, as in polar coordinates. We can also determine the
reflected amplitude. Here matching the incident and reflected amplitude on the boundary
and using equation (37) give

ro(6)

20 (7‘) = ” . (50)

Here r = ro(0) is the equation of the parabola. Thus we get the leading order solution to
be
Toie) e’ik(80+'r‘). (51)

u=u’+urwe’k1+
Similar analysis enables us to determine the higher order terms in u".

Notes by Ben Akers and John Rudge.
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Lecture 4: Geometrical Theory of Diffraction (continued) and
the Shallow Water Theory

Joseph B. Keller

1 Introduction

In this lecture we will finish discussing the reflection from a boundary (Section 2). Next, in
Scction 3 we will switch to the geometric theory of diffraction without formal details (see
[3]). Further, in Section 4, we will generalize the surface water wave theory to a case of
non-uniform depth (see [2]). This theory predicts infinite amplitude at the shoreline, hence,

in Scction 5, the shallow water theory is introduced to fix that problem.

2 Reflection from a boundary
In the previous lectures we developed a method for solving the Helmholtz equation
AU + k2n?(X)U = 0. (1)

It yields an asymptotic approximation like geonietrical optics. It was applied to reflection
by a parabolic cylinder. Now let us analyze reflection of waves, in water of constant depth
I = const, by an arbitrary smooth boundary B, e.g. a vertical river bank. In this case the
velocity potential is given by an incident contribution ¢¢ and a reflected part ¢”. Since the
normal velocity on the boundary vanishes, 0,6\ = 0. The zero-order asymptotic solution
is given by _

G = ¢ + ¢ ~ (@) 1 ()t (2)

The condition of vanishing normal derivative yields

o0 i\ kst st 0 0 o\ ks kst 0
(1,A157751> 2 () + eF 20 (2) + (zk——S > ST (1) + R 57;20(1:) ~0. (3)
Upon equating the exponents in (3}, we get

S§*=S" on B. 4)

Then upon equating to zero the coefficient of & in (3), we get.

a 7 T 0 ro_
S-Sl ST = 0 (5)

1
“0
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(From (4), the tangential derivative %—f equals %s;. Then from the eiconal equation, the

normal derivatives are related by

() e (- (- () e

Thus dS™/dn = +8S5%/On. The “+” sign would yield S7(z) = S%(z), so we must choose the

w__»

sign .
oS” a5
- on @
Then (5) yields .
zp =z on B. (8)

From 8S™ /8t = 85t /0t and (7) we get law of reflection, familiar from geometrical optics.

Instead of a rigid boundary, we can also consider the impedance boundary condition
2@5 +ikZ¢p =0 9)
on o

This condition is frequently used in electrodynamics, and in acoustics for compliant bound-
aries. In this case it follows that ’

s"(X) =s(X), X on B, (10)
(R 2) 25 D)0, X on B i
a(E2)+ G+ R B s0 m2 L, X B (12)

In terms of the incidence angle o and the impedance Z, (11) gives the reflection coefficient

i{l_ncosa—Z (13)

z  ncosa+Z’

again for X on B.

Fermat’s principle of geometrical optics follows from the eiconal equation. It states
that a ray travelling between two points takes the path with the shortest optical distance.
For media with n(z) = const, we can find this path by imagining a string tightly spanned
between these two points. Then the ray path will lie along this string.

To calculate the wave field numerically one often uses the finite element method. Due
to the oscillatory nature of the wave field, this procedure requires very small elements. But
we know that the leading order approximation has the form z}(z)e™*S" + 25 (x)e?*S". We can
use this ansatz, calculating the phase by means of rays. After that the amplitudes z§(x)
and z{(z) can be calculated by the finite element method. This allows us to use much larger
elements.
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Figurc 1: Scattering by a smooth object. Regions for asymptotic expansion: A - region of
ordinary geometrical optics, B - point at which incident rays are tangent to the boundary,
S - the object boundary, C - shadow houndary, D - shadow region.

3 Geometrical theory of diffraction

The asymptotic expansion method presented in the previous lectures is incomplete because
of phenomena which are usually not taken into account by ordinary geometrical optics.
Let us for example consider water waves being scattered by an island whichh we assume
to be an oval-shaped object with smooth boundary. From ordinary geometrical optics
follows that there exists a shadow region D (see Figure 1) in which the intensity of waves
is zero. This region is separated from the region A, reached by incident and reflected
rays, by a surface called the shadow boundary. Obviously, along this boundary the solution
obtained by the ordinary geometrical optics method is discontinuous. However, this is in
sharp contradiction with the fact that solutions of the Helmholtz equation (1) are smooth
away from the boundary. Agreement of asymptotic solutions with actual solutions can he
achicved by introducing boundary layer solution in the neighborhood of shadow boundaries.
They can be found by using asymptotic expansions of certain exactly solvable problems,
or constructed by boundary layer techniques. The construction of asymptotic solutions
requires different expansions in different regions.

We first will consider asymptotic solutions in the shadow region D. The only rays which
recach this region are rays diffracted by the boundary S. They are called surface diffracted
rays. To construct them we introduce surface rays (or creeping rays) which propagate
along the boundary S. The point B (see Figure 2) on the boundary between the shadow
region D and the illuminated region A acts as a source for these rays. Note that at this

24



Figure 2: Surface diffracted rays omitted by the propagating surface ray starting at the
point B.

point the incident ray is tangent to the boundary. Therefore, the incident ray splits into
two branches. One branch goes along the shadow boundary C while the other is the ray
travelling along the boundary S. The latter radiates surface diffracted rays into the shadow
region, and therefore the boundary S acts as a secondary source. Because of this radiation,
the intensity on the surface decays exponentially with distance along the ray. The surface
ray travels infinitely many times around the boundary. Thus it sends an infinite number of
surface rays to each point in the shadow, and also to each point in the illuminated region.
Thus the complete wave field in the shadow region is an infinite sum of diffracted fields on
surface diffracted rays. ,

The wave field on and near the shadow boundary can be obtained by using boundary
layer theory. It yields Fresnel integrals which were used in the method of stationary phase.
In the neighborhood of the separation point B there is yet another kind of asymptotic
solution, given by the Fock function.

The asymptotics of the wave field in the neighborhood of the boundary S can be obtained
from the exact solution of the Helmholtz equation for diffraction by a circular cylinder of
radius a. In cylindrical coordinates a mode of the two dimensional wave field can be written
as

u= e HO (kr). (14)

Here H, ,Sl), the Hankel function of first kind [1], is outgoing. Suppose the boundary condition
is u(r)|r=q = 0. This leads to the equation

HY(ka) = 0. (15)
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Figure 3: The Lamé curve.

This equation (15) has infinitely many complex roots v,. The asymptotic behaviour of vy,
for ka > 1 is given by
1 ; .
Uy ~ ka + (]\'7(1,)177'7776”1'/3. (16)

When (16) is used for v in (14), u becomes
Uy = Cil/mOHzS,],,)(kr) ~ ez'ka()+ic“'/3rm(Ara)]/BOHSn)(k,r). (17)

The result (17) shows that a single mode w,, (7, 0) decays exponentially with 6 at a rate
proportional to (A:a,)1/3. For a noncircular boundary ., the local decay rate can be obtained
by replacing a by the local radius of curvature a(s) and setting dd = a71(s)ds. Then the
exponent for the n-th mode becomes

-5

ik-s+iei”/3rmkl/3/ (als)) " as'. (18)
0
The amplitude of each mode also involves diffraction coefficients at the point B, where the
surface ray begins, and at the point B’ where it leaves the surface. Then the total field in
the shadow is a sum of all the modes.

When a wave is diffracted by an axially symmetric object in three dimensions, the
diffracted waves have a caustic along the axis. This yields a bright spot in the cross-section
of the shadow. The wave ficld on and near this caustic can be expressed in terms of Bessel
functions.

Now let us consider diffraction of a normally incident plane wave by a planar screen
of arbitrary shape, with a smooth boundary S. Instead of a bright spot, there is a bright
curved line in each normal cross-section of the shadow. The form of the bright line is
given by the ewvolufe of the curve S, and it is a caustic of the edge diffracted rays. For a
planar curve, the evolute is the locus of centers of curvature of the normals to the curve.
For example, for an cllipse the bright line is given by the Lamé curve, see Figure 3. To
summarize: an asymptotic solution will usually consist of a sum of waves. Every wave
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is constructed by means of rays. They are obtained by solving the ray equations. Then
the phase S and the amplitude 2 are found along each ray by the formulae given above.
The other 2,, can be found as solutions of the appropriate transport equations. This same
approach is used in the next sections.

4 Surface waves on water of nonuniform depth

Previously we suggested that in water of nonuniform depth, we could determine the wave
motion by using the reduced wave equation. That suggestion yields the correct phase, but
not the correct amplitude. Therefore we shall now present an analysis which determines
correctly both the phase and the amplitude’.

As before, we assume that the water is inviscid, incompressible and in irrotational
motion. It is bounded above by an unknown free surface Z = R[e™'n(z,y)] (n is the
complex amplitude of the surface wave motion of angular frequency w) and bounded below

by a rigid, non-uniform surface Z = —H(z,y). The exact linear theory of surface waves
yields for the free surface height

w
77(% y) = ?q)(it, Y, 0);
where ®(z,y, Z) is the velocity potential and g is the gravitational acceleration?.

The velocity potential satisfies (see Stoker [5])

AD =0 in 02272 —-H(a,y), (19)
&= on Z=0 (B8=uw’/g), (20)
By +Hydy+ HOy=0 on Z=—H(zy). (21)

In the constant-depth case, the solution decays exponentially with depth, so short waves
do not “feel” the bottom. To keep the influence of the depth variability, we rescale the
vertical axis by introducing

z=pZ, h = pBH, d(z,y,2) = ®(z,y,2). (22)

Then the problem (19)-(21) becomes that of finding solutions ¢ of the set of rescaled
equations

BPze+ taatdyy =0 In 0222 -hizy), (23)

¢.=¢  on z =0, (24)

:32¢z + he¢z + hy¢y =0 on z = —h(z,y). (25)

M4 fails at the shoreline, where there is a boundary layer, see Section 5.
2The reason for using upper-case letters is to save the lower-case ones for the rescaled variables.
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We seek solutions of (23)-(25) for large values of 3.
Motivated by the constant-depth solution, we express ¢ in the form
¢ = Acosh [k(z + h)]et?S. (26)
Here k = k(z,y), S = S(z,y) and A(z,y, z,3) are functions to be determined.

Plugging (26) into the system of equations (23)-(25) leads to

52 ((lf,2 - (VS)Q)A cosha + A, cosh o + 2k A, sinh a) +

+iB ((V2S)Acosh a + 2VS - V(A cosh a)) + V*(Acosha) = 0, (27)
A;coshkh + kAsinhkh = Acosh kh z=0, (28)
B?A, +ifAVL-VS+Vh-VA=0 z=—h. (29)

Here o = k(2 + h) and V = (0/0x, 0/ 0y).

Next we assume that A admits the following asymptotic expansion for large §:

o

Alz,y,z,08) ~ Ao(z,y) + Z Ap(z,y,2)/(E0)". (30)

n=1

Again, motivated by the constant-depth case, we have assumed that the first term Ag does
not depend on the vertical coordinate. We also assume that termwise differentiation in (30)

is allowed.

Inserting the asymptotic expansion (30) into (27)-(29), and equating coefficients of the
corresponding powers of 3, we obtain the following three systems of equations:

(VS)? = k?
(A1):zcosha + 2k(A)), sinha = 2V.S - V(Ag cosh o) + Ag cosh aV2S
(31)
(An)z: cosha + 2k(A,). sinha = 2VS - V(A,_; cosh a) + A,_1 cosh a V2 S+
+V2(A,_scosha) (n22),
ktanhkh =1
(32)
(An): =0 at z=0 (n21),
and, finally,
(Ay). = AoV - VS at z=—h
(33)

(Apn): = Ay Vh-VS+ VL -VA, 4 at —h (n22).

N
I
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The first equation in (32) determines k(z,y) as a function of the known depth h(z,y).
Then the eiconal equation (V.S5)? = k2 can be solved for S(z,y) by the ray method discussed
in the previous lectures.

In order to find the amplitude Ag, we use the identity

) ((An)z cosh? a)z
(Ap)zz cosha + 2k(Ap); sinha = ha (34)
Inserting (34) into (31.2) we obtain
Aj), cosh?a) = (2VS - VAg + AgV2S) cosh? o + AgVS - V cosh? a. 35
V4

Now we integrate (35) from 0 to z, using the boundary conditions (32.2)

(A1), cosh®a = % (2VS - VAo + AgV25 + AgVS - V) (¥ [sinh a cosh o — sinh kh cosh kh] + y) .
(36)
Solving (36) will give A; up to an additive function of (z,y), if Ap is known.

Next we set z = —h in (36) and eliminate (A;);, using the boundary condition (33.1).
This leads to an equation for Ag

2AgVh-VS = —(2VS - VAy + AgV2S)(sinh® kh + h) + AgVS - (Vh — Vsinh?kR). (37)
Equivalently, (37) can be written
VS -V (A3(sinh? kh + h)) + (A3(sinh® kh + h)) V2S = 0. (38)

We note that VS -V = k(d/d7r), where 7 measures arc-length along a ray. Then the
solution of (38) can be written in the form

-
A3(sinh? kh + h) = [A3(sinh? kh + h)],, exp (— / k“1VQSdT). (39)
7o
In [4], Luneberg has shown that the exponential above is given by
T k(7o) da(o)
exp|— [ k™'V2Sd ) = : 40
(-] ") = k) dalr) o

Here da(7) is the width of an infinitesimally narrow strip of rays at 7. Plugging (40) into
(39), we finally get the following equation for Ay along a ray:

A2(sinh? kh 4 h)k da = const. (41)

Equation (41) simply expresses the fact that the energy flux is constant along a tube of rays.
By using (41) for Ag(z,y) in (26), we get the leading term in the asymptotic expansion of
¢ in water of variable depth.

The amplitude Ap is infinite at the shoreline, where A = 0. This means that there is a

boundary layer at the shore. To analyze the solution in this layer, we use the shallow water
theory, which is introduced in the next section.
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5 Shallow water theory

The main reference for this section is Stoker’s famous monograph [5]. For simplicity, we
consider the 2-dimensional case with horizontal z-axis and vertical z-axis. The free surface
is given by z = n(xz,t), while the bottom is z = —h(x). The cquation of continuity for the
components u(z, z,t) and v(z, z,t) of the water velocity is

Uug + v, = 0. (42)

At the free surface we have both the kinematic condition

(mt +une — v) 2=y =0 (43)
and the dynamic condition
pli=n = 0. (44)
The bottom boundary condition is
(uhy + ) .o = 0. (45)
Integrating (42) gives
n
/ updz + v, = 0. (46)
J—h
Using the top and bottom boundary conditions in (46) leads to
7
/ Updz + My + |y Nz Fulop - he =0. (47)
J—h
We can rewrite (47) as
o [" J
— udz = —1; . 48
Ox /—h 1 " ( )

Notice that up to this point no approximation has been introduced. The sole approxi-
mation of the shallow water theory is to ignore the vertical acceleration. This is assumed
because the water is shallow. Hence the pressure is given as in hydrostatics, namely

p=ygp(n - z). (49)

Here p is the water density and g is the acccleration of gravity. Differentiating (49) with
respect to x gives
Pz = Pz (50)

Note that since 1, is independent of y, so is p,.
Next, we assume that w is independent of z at ¢+ = 0 (This is true if the water is
initially at rest). This will imply that « is independent of z at all times, since its horizontal

acceleration p~!p, does not depend on z either, as (50) shows. Then (48) becomes

[+ R))e = —n . (51)
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Evolution of the solution l

Multivalued solution

Bore
Figure 4: The “bore” formation.
The Eulerian equation of motion for u(z,t) is
U + Uy = — gz - (52)

Egs. (51) and (52) constitute the (nonlinear) shallow water theory for determining v and
n.

When u and 7 and their derivatives are small enough, we can linearize (51) and.(52).
This yields the linear shallow water theory, in which v and 7 satisfy

Ut = =90,
(53)
(uh)z = —ns.
Eliminating 7 from (53) yields
1 :

We have multiplied and divided by h(z) to get the linear wave equation for the quantity
(hu). The propagation speed is v/gh. If h = const, (54) is a linear wave equation just for u.
The linear shallow water theory is used for the tides, where large wavelengths are involved.

The equations of the nonlinear shallow water theory admit an interesting analogy with
the differential equations of gas dynamics. Let us define p, the mass per unit area, by

p=p(n+h). (55)

iFrom (55)
pr = PN (56)
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Then the force per unit width p = ffhpdz is given by

___gp 2 g o
— } — a° . 5
P 2 ( L) 2p ( 7)

Now we multiply (52) by p(n + h) to get
p(n + h)(u +uug) = —gp(n + h)n, . (58)
Then using (55) and (57), we can write (58) as
plug + uug) = ~pr + gphy . (59)
In terms of p, we can write (51) as
(pu)e = = 1. (60)

The equations (57), (569) and (60) are exactly the equations for the one dimensional flow of
a compressible gas with adiabatic exponent v = 2 and an external force gph, . This force
vanishes when the depth is uniform. The sound speed is

c:@:m. (61)

This is the speed of a small disturbance.

As in gas dynamics, the solutions of the nonlinear shallow water equation cease to be
single valued at a finite time for certain initial conditions. They can be made single val-
ued by introducing a discontinuity, called a “shock™ in gas dynamics, and a “bore” in water
waves. Sce Fig. 4. Such discontinuities can be observed in some rivers, and in kitchen sinks.

Notes by Khachik Sargsyan and Walter Pauls.
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Lecture 5: Amplitude Dynamics, Boundary Layers, and
Harbor Resonance

Jospeh B. Keller

1 Amplitude Amplification at the Shore

We will now consider the consequences of ray theory for the amplification of wave ampli-
tudes near a shoreline. In the deep ocean, tsunami waves have small amplitude and long
wavelength, on the order of tens of kilometers. But when they reach the shore, as mentioned
in the last lecture, they can grow to towering heights. We can gain insight into the nature
of this amplitude growth using the linear methods of the previous lecture.

We will consider the evolution of a wave train incident on a sloping beach. Let the depth
be a linear function of distance from the shore

h=ztana~az, a K1 (1)

Following the method of the previous lectures, factor the velocity potential into a horizontal
oscillation and a vertical mode shape

¢ (z,y,2z) = Acosh (k(z + h)) RIEEICEDE (2)

Consequently,
(Vs = ¥ (3)
ktanhkh = 1. (4)

We now specialize to the case of one dimensional long waves. These are waves with long
wavelength compared to the depth and wavefronts parallel to the shore. Mathematically,
these assumptions imply

kh < 1 | (5)
S = Sz). (6)

In this limit, Equation (4) becomes
k2h =1, (7)

which implies




Therefore, as the waves approach shore and h — 0, k& — oo and the wavelength decreases
to zero. The parameter kh, however, remains small throughout:

k’hzl—%O

Incidentally, the one dimensional wave approaching parallel to the shore is the most
physically rclevant case. Recall from Lecture 3 the equation for the path of characteristic

curves J \
_ = 2vn?(x).
dOVS 2V77 (x) 9)
Using n?(x) = ho/h(x), we have
d }I,()
—VS=—-———Vh 1
davs h?(x)V I (10)

Since VS is parallel to rays, and —Vh points in the direction of the shore, this equation
shows that rays curve in the direction of the shore. Figure 1 illustrates the intuition behind
this result. As a wave approaches a beach at an angle, the section of the wavefront further
from the beach is over decper water, and therefore has a relatively faster wave speed. Ac-
cordingly, the wavefront will swing towards the shore until it is parallel with the beach, and
all points on the wavefront have the same wave speed. For this rcason, the one dimensional
formulation is adequate to investigate the late stages of a wave’s approach to the shore.
The reduction to one dimension also makes it casy to compute the phase. We have

oS

1

Vi

_]._ (11)

Vvitan o '

Though the derivative is singular at x = 0, it is integrable and we can compute the phase

x
= =

o 1

+ ——da’
Jra /(")
: / L
= ———dx
o V' tan a

n 22:1/2 c 19
= —
Vvian o ( )

We choose the minus sign to be consistent with waves moving toward the shore.
We arc now prepared to compute the amplitude evolution. Because the rays are straight
lines in one dimension, the ray tube arca do = constant. We showed in Lecture 4 that

S(x)

i

A2 (sinh'2 kh 4+ h) kdo = constant.
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Therefore,

Al !
0 k (h + sinh? kh)
1
S 13
k (k2h2 + h) (13)
Using equation ( 8), we have
o C

Thus, the theory predicts wave amplitudes going to infinity at the shoreline. That’s why
tsunamis do so much damage.

This result seems natural considering that we have held the example of a tsunami in
mind as we derived it. But one might ask what, in this theory, differentiates tsunamis from
any other wave? The ocean is full of waves satisfving kh <« 1 that reach shore without
catastrophic consequences. Clearly, something is wrong with the theory very close to the
shore.

A typical trouble with asymptotic theorics is the presence of certain regions where the
solutions become singular. In these regions, the asymptotic expansions fail. We need a
different theory that applies in this singular region, which we call a boundary layer. If all
goes well, we will be able to find a solution that applics in the boundary layer and that
blends continuously into exterior solution we have just derived.

2 Boundary layer and shallow water equations

2.1 The concept of the wave boundary layer

The asymptotic analysis based on the lincar wave theory discussed above, which was asymp-
totic in the sense that the depth and wavelength were small compared to the characteristic
horizontal scale, proved to be successful for deep water waves (see the previous lecture and
[3]). However, the theory fails in the proximity of the shore, yielding an infinite amplitude
therc. Wave propagation near the shore can be analyzed by means of the shallow water
theory and the boundary layer concept.

The idea is to use the shallow water equations in the vicinity of the shore, where the
depth is small, and the wavelength is large compared to the depth. It is worth noting,
however, that shallow water theory is applicable over large regions of ocean basins, if we
study phenomena on the synoptic scale, large (L &~ 100 km) compared to the mean depth
of the basin (H ~ 500 - 1000 m), see e.g. [4].

First of all, we will ruminate for a while on the derivation of the shallow water equations,
formulated for an incompressible fluid in an inertial frame - Coriolis acceleration will not
be included.

Naturally, at this point anyone merely conversant with physical oceanography ! would
ask about the relevance of lincar shallow water theory to the reality which occurs on the
noninertial frame of the rotating Earth, where the the Coriolis acceleration should be taken

Tand we assume that some of our readers belong to this group
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into account. In fact, this effect is crucial in studies of tidal phenomena as well as for
the more general model of Poincare waves (the latter problem being formulated in the
shallow water approximation in the synoptic-scale ocean gives dispersive waves). However,
neglecting the coriolis force may be justified in two classes of wave problems:

e waves propagating in lakes and small, shelf seas (i.e the Baltic sea) where the long
(with respect to the basin depth) waves are locally generated by a strong wind yet
they are short enough not to be effected by the Coriolis acceleration,

e Shoaling waves approaching normal to a shoreline. Then the waves, irrespective of
whether they were nondispersive or dispersive far from the shore due to the Coriolis
effect, undergo shoaling on scales on which the Coriolis effect does not contribute.

3 The structure of the boundary layer

While toying with the idea of the horizontal wave boundary layer 0 for the problem
of waves approaching the shore and affected by its presence, we could attempt to find an
analogy with the vertical terrestial and oceanic boundary layer (table 1). By this analogy,
we may expect that the solution obtained for the wave boundary layers may be matched
at the borderline between the boundary layer and the outer one, just like in the case of
vertical boundary layers.

3.1 Shallow water equations

We consider long waves propagating in relatively shallow water in an inertial frame of ref-
erence. We assume two-dimensional motion in the (z, y) plane. The equation of continuity
for an incompressible fluid is:

Uy +w, = 0, (15)

The kinematic condition and the dynamic conditions at the free surface are:
(e +ung — W)|o=n =0, pla=y =0 (16)
The kinematic condition at the bottom is:
(uhg + W)|z=—h =0, Plizy =0 (17)

It is convenient to formulate the problem in terms of the depth integrated horizontal velocity,

namely:
o [
‘a—m/—h udz, (18)

using the boundary conditions and the Leibniz rule of integration:

"
—8—/ udz = —1 (19)

8$ —~h

In the shallow water theory the hydrostatic pressure approximation is used. That is, vertical
acceleration is ignored. Then, the pressure at a point is determined entirely by the weight
of the water column above it: '

p=gp(n—=2) (20)
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vertical (terrestial/ocean)

horizontal (wave)

ground /free water surface/ice

shoreline

Prandtl layer

shore wave boundary layer 0 where the shallow water theory
applies; for the sake of use of asymptotic methods, 0 can be
further divided into inner shore wave boundary layer 0; in
the immediate proximity of the shoreline and the outer shore
wave boundary layer 0,

Ekman layer

the outer layer where the shallow water might also apply
but the Coriolis term should be taken into account causing
waves to be dispersive

free flow (geostrophic layer)

the outermost layer where gravity deep water wave theory
applics

Table 1: Boundary layer structure and the analogy between vertical and horizontal bound-

ary layers.
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The horizontal pressure gradient is then p, = gpn,. From the equation of motion in the z
direction, u; + uuy = —gn,, the horizontal acceleration is independent of depth. Therefore
so is u, provided that it was initially independent of z. The depth integrated u is now
J7, udz = u(n+ h). Using this, we obtain the nonlinear shallow water equations:

Ut + ULy = =GNy (21)

(u(h+m)), = =, (22)

Where n = n(z,t), v = u(z,t), h = h(z). If we assume that u, n and their derivatives
are small, their products can be neglected compared with linear terms. Then (21) and (22)
yield the linear shallow water equations :

Ut = =GNz (23)
(uh)g = —my (24)
Eliminating 7 from (23) and (24) gives
1
(uh)ae — autt =0. (25)

3.2 Linear SWE and the variable depth - asymptotic approach

Since h = h(z) is independent of ¢, we can rewrite (25) as

1
(uh)zz — 5}7(”}")“ =0. (26)
This is the wave equation for a variable U* = uh with propagation velocity ¢ = 1/gh(z).
For time harmonic waves U*(z, t) = U(z) exp(—iwt), (26) becomes the Helholtz equation:

2
Uss + ——U = 0. 27)

gh(z)

We now define k = w/v/gho, n(x)? = gho/gh(z), in terms of a typical depth ho. Then we
can rewrite (26) as

Uz + k2n2(2)U = 0. (28)
Away from the shoreline h(z) = 0, the asymptotic form of U(z, k) for khg >> 1 is
U(z) =~ Z™(x)exp (ik S™(z)) + Z"(x) exp (ik S (z)). (29)

Here Z™(x), S (z) and Z"(z), S"(z) are the amplitudes and phases of the incident and
reflected waves, respectively. We call (29) the outer asymptotic expansion of U. It
is not valid where h(z) = 0 because Z*(z), Z"(z) become infinite there. To determine
U(z) near the shore, we define ' = kz and V(2/,k) = U(z,k). Then h(z) = h(%) =
h(0) + hT(O)(%,) 4+ O(k~2). Then at the shoreline z = 0 we get h(0) = 0 and we define o,
the slope of the bottom, by tan a = hg(0). Then n(z)? = ho/h(z) = (kho)/(z’ tan &) + O(1)

and (28) becomes:

fo £ o)V =0. (30)

Vorar + (tan azx
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When we neglect the O(1) term, (30) becomes a form of the Bessel equation. Although the
coeflicient of V is singular at 2’ = 0, the equation has a solution which is regular there. It

18
]ﬂh,o

tan «

V(' k) = AV J, (2 a'). (31)
Here, A is an arbitrary constant. Then the solution of (31) vanishes at &’ = 0. There is
also a solution which is infinite at 2’ = 0. The asymptotic solution of (31) for z’ large is:

Via', k) ~ AWV Vi) 4 p/aei BV, (32)

This can be matched with the outer expansion (29). The system of linear, variable depth
shallow water equations is satisfactory for small amplitude waves. It does not capture effects
like breaking, for which the nonlinear theory is necded.

4 Nonlinear Wave Propagation Along Rays

In these lectures, we have discussed the linear theory of waves in some detail. It would be
a shame not to discuss nonlincarity a little further. For decades, models of water waves
have been an interesting source of nonlinear equations. One of the most famous of these
equations is that of Kordeveg and de Vries, which was derived to model the cumulative
effect of nonlincarity in water waves travelling over long distances.

In this section, we will derive KdV in the context of a ray tracing theory for nonlinear
long waves on a layer with spatially varying depth. In linear theories, the amplitude typically
takes the form of a ncarly sinusoidal wave train with amplitude and wavenumber slowly
varying along a ray. Instead, we will find that the amplitude is governed by an equation of
KdV form. Specifically, we will consider the equations for a disturbance on the surface of an
incompressible flow of constant density without rotation. This computation is a simplified
presentation of a more general analysis presented in [5], in which the eflects of bottom
topography, incompressibility, rotation, stratification, and a polytropic equation of state
arc taken into account. By including only one dimensional bottom topography, we will be
examining the simplest case in which nontrivial amplitude dynamics occurs.

4.1 Scaling the Equations of Motion

We begin by introducing a carefully chosen scaling of the equations of fluid motion. The
key method of asymptotic analysis is to rescale equations to introduce small parameters,
thus allowing complex problems to be considered as a sequence of simpler problems. The
art of this method is to tailor one’s scaling to access a physically intercsting limit. In this
case, the scaling will pertain to waves with wavelength long compared to the depth of the
layer, propagating over long distances.

Let us consider a layer of incompressible fluid in two dimensions bounded above by the
free surface z* = n* (2*,#*) and below by the rigid surface z* = —h* (2*). Before writing the
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equations of motion, we introduce stretched dimensionless variables x,z,t, etc., as follows:

= (%)2/3, (z*,2*) = H (e“B/Qm,z),
h* = Hh, n* = Hp, 23
p* = gH pop, 7 = ¢3/2¢ (%1)1/2 ( )

(u*, w*) = VgH (u,e/?w).

and v = (u,w). Here, L is a typical horizontal scale of variation, so € is determined by the
characteristic aspect ratio of the motion.
In these stretched variables, the equations of motion take the following form:

ow ou

%t = 0 (34
ou Ou Op ou
6(—3—£+u5;+5;>+w$ = 0, (35)
ow ow ow Op
2 PO — —_— =
€ <at+“ax)+€waz+az+1 0. (36)

The kinematic condition and the normal force balance at the free surface are, respec-
tively,

on o
5 T %9, w, (37)
p = G (38)
evaluated at z = n(x). The kinematic condition at the lower boundary is
Oh
W= —eug (39)

evaluated at z = —h(z).
When € = 0, equations ( 34) - ( 39) have, as a solution, the state of rest given by

vo = O, ‘ (40)
Po = C—-z (41)
m = 0. (42)

To find approximate solutions for € # 0, we introduce a phase function S (z,t) and the
“fast” variable £ = ¢~1S. We then express v, p, and 7, as functions of & as well as of z,z,t,
and e. We also assume that these functions posses asymptotic expansions in € of the form

v (€7t7 m? Z? E) ~ VO (t) x’ z) + evl (6’ t’ J"? Z) + 62V2 + Tty (43)

where the variables with subscript 0 are the rest state solutions given above. Under this
change of variables, the derivatives transform as

) o 4. 0
N PR (44
) 8 .0

o " omte g (45)
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Since, 2 = 0, the equations of motion become

T
ou Ju Ow
it r— o+ — = 0, 4
e&r+s(9§+az 0 (46)
ou du Op Ou 8p ou
ow ow ow Jw Op
2
- — —_ = = 0. 4
(8t+uaa>+€< 84+(5t+us)8§>+(%+1 0 (48)
The boundary conditions become
on on an
1Sy ) — — = 0, z=mn, 4
<(91+ 8H‘>+(St+115,)a§ w 0 n (49)
h
w-i—EU% = 0,z=~h. (50)

We will now substitute the asymptotic series forms into these equations and equate
coeflicients of successive powers of €. Additionally, we transform the boundary conditions at
z = ninto boundary conditions at z = 0 by writing the boundary terms as a taylor expansion
around z = 0. In this way we obtain sets of equations for the successive determination of S
and of the various cocflicients in the asymptotic expansion of the solution.

Equating the cocflicients of order € yields

oy 811)1

S FE‘ = 0» (51)

Ouy a;)]
A, T 3 02
Sy —— o +S e 0 (52)
apj = 0, (53)

o

S‘aig] —wy = 0,z=0, (54)
pro= m,z=0, (55)
w; = 0,z=—h. (56)

4.2 Modes Structure and the Eiconal equation

We can solve equations ( 51)-( 56) for the structure of wave solutions at leading order.

A PDE governing the phase function S will emerge as a solvability condition for these

cquations, and will be seen to be equivalent to the eiconal equation of shallow water theory.
First, we climinate 7y and u; using equations ( 51) and ( 55) to write

o _ Op
Ouy 1 dun
os S, Oz (58)
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Equality in equation ( 57) holds for all z by equation ( 53). The system simplifies to

St (921)1 8p1 -
o5t = O (59)
Op _
B - 0, (60)
Opp w1 _
wy; = 0,z=—h. ' (62)

In order to solve these equations, we seek a product solution of the form

p1 = A(f,t)z/z(:c,z), (63)
w = —St%?qb(x,z). (64)

These forms are analogous to that used in Lecture 3, the well known WKB ansatz. In
those cases the solution consists of a rapid sinusoidal oscillation with a slowly varying
amplitude. In the present case, we also imagine the solution will take the form of a rapidly
oscillating waveform, represented by A(¢,t), with a slow modulation and vertical structure
represented by ¢ and 1. However, because of nonlinearity, the fast waves do not take the
form of sinusoids. Rather, the appropriate wave shape will emerge from the analysis.
Substituting these solution forms into equations ( 59)-( 62) and simplifying yields

y = @0 (65)
% = 0, (66)
Y = —¢,2=0, (67)
¢ = 0,z=—h. (68)
where )
0%(x,t) = % (69)

This is a first order system of ordinary differential equations in z in which z and ¢ appear
only as parameters. For the system to have a solution, we must have

SQ
S—% =h. (70)
A particular solution of the system is then
0A z
_ Sy P(z)
m = AY(z). (74)
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Note that, in principle, 1 may have an arbitrary z dependence, and u; . This freedom
corresponds physically to the fact that an arbitrary slowly varying order e height field could
be added to n;, and an arbitrary order € velocity field U(x, z,t) could be added to uj, that
would have to be balanced only at higher order due to the form of equations ( 34)-( 39).
Since we are not interested in the interaction of waves with higher order mean flows, we
will assume U = 0 and ?{31_3/: =

Equation ( 70) is the same as the eiconal equation computed when we derived shallow
water theory. To solve this equation we can use the method of characteristics, as in the
previous lectures. It is interesting to note that the modes and rays we have computed are
the same as those determined by the lincar theory of wave propagation. It is only in the
determination of the amplitude A(,t) that nonlinearity plays a role, and to that we now

turn.

4.3 Amplitudes

To determine the equations governing the amplitude function A(,t), we must analyze the
set of equations obtained by equating the coefficients of order €? in equations ( 34)-( 39).
Doing so, we obtain

Oug  Owy Juy
S ¢ * oz Ox’ (75)
Oun Op2 ouy % ouy  Om
Sy B¢ + S5 o 5 Sy o€ w1 o (76)
Opa oun
87]2 _ 8’/}] 8/71 8'w1 o
S o wy = 1 1S, 2 +m 5, 5= 0, (78)
o)
P2 = T2 — 771~8-p7 =1, 2 =0, (79)
oh
we = Uuj 8—11’ z2=—h (80)
(81)

This system is an inhomogeneous form of equations ( 51)-( 56), with forcing given by the
solutions computed at lower order. Substituting in the solutions found in equations ( 71)-

( 74) yiclds

Si Qur dpa
Do g P2 2, 2
S;r, 82 +SI af G]({,Q,Z,t), (8 )

8'
N N ()} (83)

0
s,a%’—wg = Gsl&,,1), 2 =0, (84)
oh

wy = u]b;i,z=—-h. (85)
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where

= gwae hter (86)
OPA /2
- _g2 [ Z
G2 - taffzdj(h_i_l)’ (87)
84 ¥? OA

As before, we seek a solvability condition for this system. This time, the condition will
impose a constraint on A that will allow us to solve for the amplitude along rays.
Begin by solving ( 83) for py:, ’
p2 = / 2Gad2’ + P (&, x,1). (89)
—h

Inserting this solution into equation ( 82) and integrating over z gives

2 % 9G, 82 0P
=——= Gd4+~——/ d2"dy — ZE——z 4+ D(¢, 2, ). 90
s/, nJn € s ogc T PGmY 0
Applying the boundary condition at z = —h gives
oP St

Finally, applying the boundary condition at z = 0 gives the constraint

S, [0 S2 Z 9G4 0 8G, St Oh
=z Gd’+—“/ —2d2"d7 = -G53 - S, —Ld + A (92
st/_h 10t g | ), o T abt O

By substituting for G, G, and G3 into (92), and making extensive use of equation ( 70),
we find an equation for A:

0A  [3y PA__ 1
- L] 25+ 50t 56 = )

The sign of the right hand side is determined by the branch of the solution to the eiconal
equation that is selected. It is negative for rightward travelling waves, and positive for
leftward travelling waves.

Equation ( 93) is of KDV form, with a linear growth term reflecting the expansion and
compression of ray tubes in space-time. Note that

1 dh  d
2%5:5_5\@

is the gradient of the ray speed, and thus reflects expansion and contraction of ray tubes.
For a rightward travelling wave travelling into deeper water, % > 0, ray tubes expand, and
equation ( 93) predicts the decay of A along a ray.
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Figure 2: The configuration of the cavity resonator.

Let us now examine the case of constant depth, in which equation ( 93) reduces to the

form 9 oA 954
5? _ )\IA"(‘%— + )\2*8—6—3— =

where A; and Ay arc constants. If we seek travelling wave solutions of the form A(v), where

v =¢ —ct, we find the ODE

0 (94)

—cA"+ MAA + A A" = 0.
Onc periodic solution to this equation is the Jacobi function,
A=oen (A (€ —at)).

These are “cnoidal” waves. They resemble cosines, but with flatter troughs and sharper
peaks. Furthermore, the wavespeed ¢ is a function of the amplitude o.

It is helpful to be quite clear about the physical picture of wave propagation that has
emerged from this analysis. Due to the eiconal equation ( 70), surfaces of constant £
propagate with the shallow water wave speed v, The amplitude equation has solutions
that propagate relative to surfaces of constant €. Thus, for example, the full propagation
velocity of the enoidal wave solutions above is v = Vh + ¢(0). Tt is possible for these
nonlincar disturbances to travel at supercritical speeds.

5 Closed and semiclosed basins

Asymptotic methods will now be applied to determine waves in semiclosed basins linked
to the occan by a small opening, such as harbors and marinas, subjected to the wave field
incoming from the open ocean. The configuration considered here is a semicircular cavity,
with the origin at the centre, as shown in figure 2. The boundary I' consists of a circular arc
with 7 = a and two straight lines. The opening, of half-width s, is small compared to the
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radius of the cavity. The system is a two~dimensional version of an acoustic Helmholtz
resonator, and will lead to harbour resonance. The problem may be stated as follows:
given a prescribed potential at infinity ¢o,, corresponding to a plane wave incident at an
angle a, that is ¢o, = etk(@cosatysing) find the potential ¢(z,y) satisfying:

Vi +k2$=0
0
—a—g on T (95)

¢ = doo(z,y) +¢s a8 T —00

Here ¢, is an outgoing wave potential. The problem can be solved numerically, but to get an
analytic insight into the behavior of the solution, we shall adopt the asymptotic approach
presented in [2]. For a small opening ks < 1, the disturbance due to the cavity as seen
from afar is that of a point source of some strength m. Therefore, we can write:

8 = 9o — (1/4)im B (k). (99
Expanding the Hankel function in (96) for kr — 0:
¢ = doo(0,0) — (1/4)im[1 + (2i/m)log((1/2)7kr)] + O(mk?r? log(kr)), (97)

where logy = 0.577.. is Euler constant. Note that ¢ (0,0) = 1 and define ¢0 =1~
(1/4)im + (m/27)log((1/2)7ks). Three asymptotic expansions are needed.

1. The outer expansion ¢gy:, valid in the infinite region away from the opening. The
opening appears as a source and the solution is:

bour — ¢° 4 (m/2m)log(r/s), r/s<<1, (98)
2. The potential in the cavity:
Pin(z,y) = —m ¢c(z,y). (99)
Here ¢¢ is a mode of the closed basin. As r — 0:
pc — (2n) " logr + const. (100)

(From the first two equations in (95), the solution ¢¢ is given by:

4¢c = Yo(kr) - ’;gg,’:ji

Jo(kr). (101)

3. A potential ¢¢ in the neighborhood of the opening, obtained by conformal mapping
(see [2]).

Matching ¢¢ to the expansion in the cavity, and to that outside of it, gives the source
strength m in terms of the conductivity C. The source strength m corresponds to the
flux through the opening, given by m = C(¢in — dout), where C is the conductivity of the
opening.
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With the value of m determined, the value of the potential on the cavity wall is:

m 2 1
¢ = Shar J'(ka) ~ 7ka <Y’(ka) + J(ka)[i— 2(1+ Iog(%’yks)])

(102)

An example of the potential response, given by (102) and (99) for a large cavity for three
different opening widths (characterized by the values of s) is presented in figure (3a). The
pcaks of the response occur when the term in the denominator in (102) is small. Due to
the oscillatory behavior of the Bessel functions, this coincides with zeros of either J;(ka) =
—Jo(ka) or Yq(ka) = —Y{(ka) [1] sec also figure (3b). In case when ka is small, the Y term
dominates, and this corresponds with the highest peak in figure (3a), which defines the
Helmholtz mode. For the larger values of ka the J|) term takes over and condition Jy = 0
determines the position of the natural eigenmodcs of the closed cavity. For the cavity with
small opening, the response is modified by the effect of the —log(§ks) term, large when ks
is small. We can also observe the influence of the opening size s: reduction in the size s
moves the Helmholtz peak to smaller frequency and increases the amplitude of the response.

These results, obtained by asymptotic methods were tested in [2] against numerical
solutions. They provide a theoretical explanation of harbor resonance, a phenomenon of

practical importance in occan enginecring.

Notes be Alex Hasha and Inga Koszalka.
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Figure 3: (a) Response, given by (102) and (99) for a large sector cavity, with unit source
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Lecture 6: Wiener Process

Eric Vanden-Eijnden

Chapters 6, 7 and 8 offer a (very) brief introduction to stochastic analysis. These
lectures are based in part on a book project with Weinan E. A standard reference for the
material presented hercafter is the book by R. Durett, “Stochastic Calculus: A Practical
Introduction” (CRC 1998). For a discussion of the Wiener measure and its link with path
integrals see e.g. the book by M. Kac, “Probability and Related Topics in Physical Sciences”

(AMS, 1991).

1 The Wiener process as a scaled random walk

Consider a simple random walk {X,, }nen on the lattice of integers Z:

Xp = ng’ (1)
k=1

where {&i}ken is a collection of independent, identically distributed (i.i.d) random variables
with P(§ = £1) = % The Central Limit Theorem (see the Addendum at the end of this

chapter) asserts that

XN . : .
—= — N(0,1) (= Ganssian variable with mean 0 and variance 1)

VN

in distribution as N — oc. This suggests to define the piecewise constant random function
W} on t € [0,00) by letting
Xin)

VN’
where | Nt| denotes the largest integer less than Nt and in accordance with standard no-
tations for stochastic processes, we have written t as a subscript, i.e. WN = WN(1).

It can be shown that as N — oo, W/¥ converges in distribution to a stochastic process

W, termed the Wiener process or Brownian motion!, with the following properties:

ts P ; g proj

W) =

(2)

(a) Independence. Wy — Wy is independent of {W;},<, for any 0 < s < t.

'The Brownian motion is termed after the biologist Robert Brown who observed in 1827 the irregular
motion of pollen particles floating in water. 1. should be noted, however, that a similar observation had been
made earlier in 1765 by the physiologist Jan Ingenhousz about carbon dust in alcohol. Somehow Brown’s
name became associated to the phenomenon, probably because Ingenhouszian motion does not sound very
good. Some of us with complicated names are moved by this story.
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Figure 1: Realizations of WY for N = 100 (blue), N = 400 (red), and N = 10000 (green).

(b) Stationarity. The statistical distribution of Wyrs — Wy is independent of s (and so
identical in distribution to W;).

(¢) Gaussianity. Wy is a Gaussian process with mean and covariance

EW, =0, EW; W = min(t, s).

(d) Continuity. With probability 1, W; viewed as a function of ¢ is continuous.

To show independence and stationarity, notice that for 1 <m < n

n
Xn—Xm= Y &

k=m+1

is independent of X, and is distribute identically as X,,_,,. It follows that for any 0 < s < ¢,
W, — Wy is independent of W, and satisfies

Wt - Ws g Wt—57 (3)

where £ means that the random processes on both sides of the equality have the same
distribution. To show Gaussianity, observe that at fixed time ¢ > 0, W}¥ converges as
N — o0 to Gaussian variable with mean zero and variance ¢ since

wh = Xivy _ Xivy VNG
VN VNt N

0,1)vt £ N(0,1).

In other words,
Z2

P(W; € [z1,22]) = / plz,t)dz (4)

5]
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where
6—12/21

x,t) = . )
plz;t) Jori (5)
In fact, given any partition 0 < t; < 29 < --- < t,, the vector (Wtle’ .. -th],Y) converges
in distribution to a n-dimensional Gaussian random variable. Indeed, using (3) recursively
together with (4),(5) and the independence property (a), it is casy to see that the probability
density that (Wy,,..., Wy, ) = (z1,...,2,) is simply given by

p(Tn — Tp_1,tn — tno1) - - plae — 21, t2 — t1)p(x1, t1) (6)

A simple calculation using
EW, = / zp(x, t)dr, EW,W, = / yrply —x,t — s)p(z, s)dzdy.
R R2

for t > s and similarly for t < s gives the mean and covariance specified in (b). Notice that
the covariance can also be specified via

E(W, - Wo)? = |t — 5],

and this equation suggests that Wy is not a smooth function of 7. In fact, it can be showed
that even though W is continuous almost everywhere (in fact Holder continuous with
exponent v < 1/2), it is differentiable alinost nowhere. This is consistent with the following
property of self-similarity: for A > 0

w, £ 12y,

which is easily established upon verifying that both W; and A~1/2W)y, are Gaussian processes
with the same (zcro) mean and covariance.

More about the lack of regularity of the Wiener process can be understood from first
passage times. For given a > 0 define the first passage time by T, = inf{t : W; = a}. Now,
observe that

P(W,>a)=P(T, <t & W, >a) = 1P(T, < 1). (7)
The first equality is obvious by continuity, the second follows from the symmetry of the
Wiener process; once the system has crossed a it is equally likely to step upwards as down-
wards. Introducing the random variable My = supgc.<; W, we can write this identity

as: 9
"0 =2 /2t

P(M, >a)=PT, <t)=2P(W, >a :2/
( 4 (1) (a ) ( 1 ) " \/2—7'('—t

where we have invoked the known form of the probability density function for Wi in the

dz, (8)

last equality. Similarly, if m, = info<s<; Wi,
P(m; < —a) = P(M, > a). (9)

But this shows that the event “W, crosses @” is not so tidy as it may at first appear since
it follows from (8) and (9) that for all € > 0:

P(M.>0)>0 and P(m.<0)>0. (10)

In particular, ¢ = 0 is an accumulation point of zeros: with probability 1 the first return
time to 0 (and thus, in fact, to any point, once attained) is arbitrarily small.



2 Two alternative constructions of the Wiener process

Since W; is a Gaussian process, it is completely specified by it mean and covariance,
EW; =0 EW;W; = min(t,s). (11)

in the sense that any process with the same statistics is also a Wiener process. This
observation can be used to make other constructions of the Wiener process. In this section,
we recall two of them. _ : ’

The first construction is useful in simulations. Define a set of independent Gaussian
random variables {n }ren, each with mean zero and variance unity, and let {¢x(t)}ren be
any orthonormal basis for L2[0,1] (that is, the space of square integral functions on the unit
interval). Thus any function f(¢) in this set can be decomposed as f(t) = D oy r®r(t)

where (assuming that the ¢,’s are real) oy = fo t)¢r(t)dt. Then, the stochastic process
defined by:
We=> m / on(t (12)
keN

is a Wiener process in the interval [0,1]. To show this, it suffices to check that it has
the correct pairwise covariance — since Wy is a linear combination of zero mean Gaussian
random variables, it must itself be a Gaussian random variable with zero mean. Now,

BW, = Y Enn / (1)t / fi(s

k,leN

—Z/¢k dt/¢k

keN

(13)

where we have invoked the independence of the random variables {n;}. To interpret the
summands, start by defining an indicator function of the interval [0, 7] and argument ¢

o lt) = {1 ift e [q,T]

0 otherwise.

If 7 € [0,1], then this function further admits the series expansion

=Sl [ outerar. (14)
k .

Using the orthogonality properties of the {¢x(t)}, the equation (13) may be recast as:

v 3 [ ([ i) ([ o)

k,leN

=/ xt(w)xs (w)du (15)

0

1
= /0 Xmin(t,s) (u>du = min(ta S)
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as required.

One standard choice for the set of functions {¢(t)} is the Haar basis. The first function
in this basis is equal to 1 on the half interval 0 < ¢t < 1/2 and to -1 on 1/2 < ¢ < 1, the
second function is equal to 2 on 0 < t < 1/4 and to -2 on 1/4 < ¢t < 1/2 and so on. The
utility of these functions is that it is very easy to construct a Brownian bridge: that is a
Wiener process on [0,1] for which the initial and final values are specified: Wy = W; = 0.
This may be defined by: :

Wt = Wt - th, : (16)
if using the above construction then it suffices to omit the function ¢;(t) from the basis.

The second construction of the Wiener process (or, rather, of the Brownian bridge), is
empirical. It comes under the name of Kolmogorov-Smirnov statistics. Given a random
variable X uniformly distributed in the unit interval (i.e. P(0 < X < z) = z), and data
{X1,Xa,... Xy}, define a sample-estimate for the probability distribution of X:

3=

1. n
Fo(z) = —(number of X <z, k=1,...,n)= - ZX(_OO’QE)(X;C), , (17)
k=1

equal to the relative number of data points that lie in the interval z; < z. For fixed x
F,(z) — z as n — oo by the Law of Large Numbers tells us that, whereas

Va(Fu(z) — 2) S N(0,2(1 - z)). (18)

by the Central Limit Theorem. This result can be generalized to the function E,: [0,1]
[0,1] (i-e. when z is not fixed): as n — o0

Vi(Fa(z) — 2) S W, — Wy = W, (19)

3 The Feynman-Kac formula

Given a function f(z), define

u(z,t) = Ef (z + W) | (20)
This is the Feynman-Kac formula for the solution of the diffusion equation:
ou 10%
— = = . 2
= U0 =@ @)

To show this note first that: ,
w(z,t+5) =Ef(z+ W) = Ef(z + (Wips — Wy) + Wy)
= EU(.’L‘ -+ Wt+s - Wt,t) = E’LL(IL' + Ws,t)

where we have used the independence of Wy, s — W; and W;. Now, observe that

Ou .1
Bz(m,t) = 32161+ 5 (u(z,t + s) — u(z, t))
= Tim %]E(u(as + W, 1) — u(z, 1))
1 [0u 10%u
= 1 — —— 4 _ 2
sl_l’%’l_*_ . <8a: (z,t)EW, + 5 522 (z, ) EWS + 0(3)) ,

o4




where we have Taylor-series expanded to obtain the final equality. The result follows by
noting that EW, = 0 and EW? = s.
The formula admits many generalizations. For instance: If

v(z,t) =Ef(x + W) + ]E/O g(z + Ws)ds, (22)

then the function v(z,t) satisfies the diffusion equation with source-term the arbitrary
function g(z):

ov  10%
5 2952 + g(z) v(z,0) = f(z). (23)
Or: If .
w(z,t) =E (f(w + W) exp (/ clz + Ws)ds)> (24)
0
then w(z,t) satisfies diffusive equation with an exponential growth term:
ow 10%w
5= 5922 +c(z)w  w(z,0) = f(z) . (25)

Addendum: The Law of Large Numbers and the Central Limit
Theorem

Let {X;};en be a sequence of i.i.d. (independent, identically distributed) random variables,
let n = EX; 0% = var(X;) = E(Z; — 1)? and define

G,
j=1

The (weak) Law of Large Numbers states that if E|X;| < oo, then

S
—T—:— —n in probability.

The Central Limit Theorem states that if EX ]2 < oo then

S —
Sn ™, N(0,1) i distribution.
no?
We first give a proof of the Law of Large Numbers under the stronger assumption
that E|X;|? < oo. Without loss of generality we can assume that 7 = 0. The proof is
based the Chebychev inequality: Suppose X is a random variable with distribution function

F(z) =P(X < z). Then, for any A > 0,
1
P(X| > ) < EIXP, (26)
provided only that E[X|P < co. Indeed:

NP(X| > \) = A”/

ol dF(z) < /MZ/\ |z|PdF (z) < /R |z[PdF(z) = E|X|P.
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Using Chebychev’s inequality, we have

S 2

n

n»{ﬁ

for any € > 0. Using the i.i.d. property, this gives

1
>E}S-3]E
€

E|Su2 = E|X; + Xo + ...+ Xu[2 = nE| X |2

Hence
=n

2{E

as n — 00, and this proves the law of large numbers.
Next we prove the Central Limit Theorem. Let f be the characteristic function of X,

1
> e} < —E|X;[* -0,
ne

le.
f(k) =Ee*X1 EeR. (27)

and similarly let g, be the characteristic function of S,,/vVno?. Then

ga(€) = B0/ Vart _ T ReieXsVne®  (peieXs/ Voot

j=1

ik k2 9 R
=[1+ EX1 — s——=EX]{ +o(N7")

Vno 2no

kQ n
=(1--—+oN"!

(1- 5, +ov
.2

— e /2 as n — oo.
This shows that the characteristic function of S, /vno? converges to the the characteristic
function of N(0,1) as n — oo and terminates the proof.

It is instructive to note that the only property of X; that we have required in the
central limit theorem is that EX? < co. In particular, the theorem holds even if the higher
moments of X arc infinite! For one illustration of this, consider a random variable having
probability density function

plz) = -@TQ-Q—)Q (28)

for which all moments of order higher than 2 are infinite. Nevertheless, we have:

)e—lkl

f(k)= /R;eimp(:z:)dm =(1+1k
=1- 3k% + o(k?),

and hence the Central Limit Theorem applies. Intuitively, the rcason is that the fat tails of
the density p(z) disappear in the limit owing to the rescaling of the partial sum by 1/sqrtn.

Notes by Marcus Roper and Ravi Srinivasan.
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Lecture 7: Stochastic integrals and stochastic differential
equations

Eric Vanden-Eijnden

Combining equations (1) and (2) from Lecture 6, one sees that W} satisfies the recur-
rence relation

where t, = n/N, At = 1/N and {{,}nen are i.i.d. random variables taking values +1 with
probability % as before. A natural generalization of this relation is
XN

tn+]

= XN +b(X) t) At + o(X]  tp)en1 VAL, Xo== - (2)

If the last term were absent, this would be the forward Euler scheme for the ordinary
differential equation (ODE) X; = b(Xy,t). If b(z,t) and o(z,t) meet appropriate regularity
requirements, it can be shown that XtN converges to a stochastic process X; as N — oo
(i.e. as At — 0 with nAt — t). The limiting equation for X; is denoted as the stochastic
differential equation (SDE)

dX, = b(Xy, t)dt + o( Xy, t)dW,,  Xo =z, (3)

as a remainder that the last term in (2) divided by At does not have a standard function as
limit. The notation dW; comes from (1) since this equation can be written as W e Wl =
§n+1m. We note that the convergence of XtN to X; holds provided only that the &,’s are
ii.d. random variables with mean zero, E¢, = 0, and variance one, E¢2 = 1. The standard
choice in numerical schemes is to take &, = N(0,1), in which case

\/—A—tén-i-l —i— th+1 - Wt

n*

In the discussion below, however, we will stick to the choice where {£,}nen arei.i.d. random
variables taking values &1 with probability % since it facilitates the calculations.

Next, we study the properties of X; solution of (3) and introduce some nonstandard
calculus due to It to manipulate this solution.

1 Ito isometry and It6 formula
Consider the recurrence relation

XN = XN+ fWenaVaL,  X) =0

tnt1 T 0
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Let us investigate the properties of the limit of Xflvm as N — o0, assuming that this limit
exists. The limiting form of the recurrence relation above is traditionally denoted as

dXt = f(W't,t)dH/t, XO = 0,

which can also be expressed as the stochastic integral

12
X, = / f (W, $)dW,
0

Stochastic integral have special properties called the Ité isometry

1
]E/ F(Wy, $)dW, = 0,
0

E(/tf(Ws,s)dWs> —/ Ef2(W,, s)ds
0

The first of these identity is often written and used in differential form
Ef(Wg,s)dWs = 0.

The It6 isometry is casy to demonstrate. The first identity is implied by

=E Z FOVN ) emii VAL

t?ﬂ
m=()

n—1
= Z ]Ef(m/t],\,iatm)Efm+1 VAt = 0,
m=0
where we used the independence of the &,,,’s and E&,,, = 0. The second identity is implied

by
E(X[)?=E Z FW ) f (VN tp)émi16pr1 At

m,p=0
]\Y
= Z IEf /I m) s
m=0
where we use the fact that &, and ¢, are independent unless m = p, and €2 =1 by

definition.
Going back to (3), a very important formula to manipulate the solution of this equation

is Ité formula which states the following. Assume that X is the solution of (3) and let f
be a smooth function. Then g(X,) satisfies the SDE

dg(Xy) = ¢'(X)dX( + 3¢" (Xo)o? (X, t)dt
= (' (X)W(X1, 1) + 39" (X))o (X 1)) dt + ¢ (X))o (X, 1)dW.

If g depends explicitly on ¢, then an additional term dg/0tdt is present at the right hand-
side. Ito formula is the analog of the chain rule in ordinary differential calculus. However

ordinary chain rule would give

dg(Xy) = ¢'(X)dX,.
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Here because of the non-differentiability of X;, we have the additional term that depends
on ¢"(z).

The proof of It6 formula can be outlined as follows. We Taylor expand g(X;¥ M g(x)
using the recurrence relation (2) for X} and keep terms up to O(At):

9(Xy],,) — a(X7)
=g (XT,IZ)(Xt]Z_;.] - X{Z) 3 "(th)(‘Xt +1 - XtIZ)2
= g/ (X[ (X0, — X[

+1 "(XN)( (XD, tn) At + o (XY ,tn)§n+1\/A_t)2 +O(At%7?)

=g/ (XMXN . — X))+ 1g" (XN (XN ta)€2 1 At + O(ALY/?)
=g (XN (xY,, - XN+ §g”(th)a2(Xt]: L) At + 0(A3/?),

where in the last equality we used &2 41 = 1. The It6 formula follows in the limit as At — 0.

2 Examples

" TheIté isometry and the It6 formula are the backbone of the It6 calculus which we now use

to compute some stochastic integrals and solve some SDEs. As an example of stochastic

integral, consider
t
/ WsdWs.
0

1AW} = W, dW, + Ldt.

Taking f(z) = 22 in It6 formula gives

Therefore
/ WedW, = W2 -1

Notice that the second term at the right hand-side would be absent by the rules of standard
calculus. Yet, this term must be present for consistency, since the expectation of the left
hand-side is

t
E / WsdWs = 0,

0
using the first It6 isometry, and the expectation of the right hand-side is zero only with the
term 3¢ included since SEW? = 1t

As a first example of SDE, consider
dXt = —’)’Xtdt + Uth, XO =T

This is the Ornstein- Uhlenbeck process. Using Ité formula with f(z,t) = ez, we get (this
is Duhammel principle)

d(€"'Xy) = ve"' Xydt + € Xy = oe"dW;.
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Figure 1: Three realizations of the Ornstein-Uhlenbeck process with Xg =0 and y =0 = 1.

Integrating gives
t
X, =e Mz + O‘/ e =S g,
0

This process is Gaussian being a lincar combination of the Gaussian process W;. Its mean
and variance are (using the It6 isometry)

]EX1 = 6_71.'13

1
E(X, - EX,)" = ‘72/ (C_v(t—s))gds = —(1—e 2,
0
Thus when v > 0

2
X1$N<0,g—>,
2

as t — 0o.
As a sccond example of SDE, consider the so-called geometric Brownian motion

dY, = Y,dt + oY, dW,, Yy =y.

This process has some application in mathematical finance. It6’s formula with f(z) = logz

gives
1 1
dlog Y, = — (Yidt + oY, dW,) — ——a’Y/dt.
g ¥t YL( t 1dWy) QYtQ t
Integrating we get
Y, = yct—%a%—%—ow’,
Note that by the rules of standard calculus, we would have obtained the wrong answer

Y, = yeltolt (wrong!)
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Indeed the term —%aQt in the exponential is important for consistency since taking the
expectation of the SDE for Y; using the first It6 isometry gives

dEY; = EYidt,
and hence
EY; =
The solution above is consistent with this since

IEeont — e%azt

3 Generalization in multi-dimension

The definition of It6 integrals and SDE’s can be extended to multi-dimension in a straight-
forward fashion. The SDE

K
ng = bj(Xtat)dt+Zajk(Xt,t)thk’ -7 = 1"""]
k=1

where {Wtk}szl are independent Wiener processes, defines a vector-valued stochastic process
X, = (X},...,X/). The only point worth noting is the Ité6 formula, which in multi-
dimension reads:

J
Xt :Z

X)ixi sy 3 ) o (2 03k(Xe, oy (X 1))t

1.7— :

4 Forward and backward Kolmogorov equations

Consider the stochastic ODE
dX; = b(Xy)dt + o(X;)dWy, Xo=1y.

Define the transition probability density p(z,t|y) via

T2
/ o(, ty)dz = P{Xirs € [21,22)|Xs = ).

x1

(p(z,tly) does not depends on s because b(z) and o(z) are time-independent.) The tran-
sition probability density is an essential object because the process X; is Markov, in other
words: for any t,s > 0

P(Xyys € Bz, 22)[{ X5 Yocsi<s}) = P(Xiqs € Blzy, z2)[{Xs}),

i.e.the future behavior of X; given what has happened up to time s depends only on what
X was. We will derive equation for p. Let f be an arbitrary smooth function. Using It

formula, we have
1) - 1) = [ Foxgaxerd [ £

61




where a(z) = 0?(z). Taking expectation on both sides, we get

1 t
Ef(X,) - /(y) = E /0 XX )ds + LE /0 (X

or equivalently using p

/f (xtly)dz — 1(y)

//f p(z, s|ly)dzds + 5 //f” p(z, sly)dzds.

Since this holds for all smooth f, we obtain

op 8b ]82

5 =~ 5z WD) + 355 (a(@)p) (4)

with the initial condition lim;_qp(z,t|ly) = 8(xz — y). This is the forward Kolmogorov
equation for p in terms of the variables (z,t). It is also called the Fokker-Planck equation.

Equivalently, an equation for p in terms of the variables (y,t) can be derived. The
Markov property implies that

plavt+aly) = [ o, tl2)oz sl

Hence
plz,t + Atly) — p(x,tly) = /]Rp(x’t!Z)p(z, Atly)dz — p(z, tly)

- /R ol 12) (plz, Atly) — 3(z — y))d=.

Dividing both side by At and taking the limit as At — 0 using the forward Kolmogorov
equation one obtains

ap [, . PN , 02 N ~
5= [ ot (=508 = 1) + h g a()6 ) )z,
which by integration by parts gives
dp . Op 1 &

This is the backward Kolmogorov equation for p in terms of the variables (y,t). The operator

0 82
L=bw)g, +300) 55

is called the infinitesimal generator of the process. The coefficient b and a can be expressed

as

im ~(E, X 1 ,
by) = lm 2 (B, Xe —y), aly) = lim 2By (X, - )",
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0 1
-4 -3

Figure 2: Snapshots of the density of the Ornstein-Uhlenbeck process at time ¢ = 0.01
(blue), t = 0.1 (red), t = 1 (green), and t = 10 (magenta). Here Xo =y =1landy=0=1.
The last snapshot at ¢t = 10 is very close to the equilibrium density.

where E;, denotes expectation conditional on X =y,
Both the forward and the backward equations can be considered with different initial
conditions. In particular, given a smooth function f, if we define

u(y7t) = ]Eyf(Xt)a
then u(y,t) = [ f(z)p(z,t|ly) and hence it satisfies

ou ou , , 0%
B b(y)gg + §a(y)a—y2,

with the initial condition u(y,0) = f(y). In this sense, the SDE for X; is the characteristic
equation that is associated with this parabolic PDE, much in the same way as the ODE
X, = b(X;) is the characteristic equation associated with the first order PDE du/dt =
b(y)Ou/dy. This can be generalized in many ways. For instance, the solution of

ov ov %v
5= c(y)v(y) + b(y)@ + §a(y)8—yQ-

with the initial condition v(y,0) = f(y), can be expressed as
w(y, t) = By f(X,)efo oXe)ds,

This is the celebrated Feynman-Kac formula in the context of SDEs.
Let us consider an example. The forward differential equation associated with the
Ornstein-Uhlenbeck process introduced in the last section is

op _ o2 8%p
5 = T ®Pt 552
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The solution of this equation is

1 vz —ye)?

Vro2(1 — e 21t/ exp(- a?(1 — e~ 2n) >

pz, tly) =

This shows that the Ornstein-Uhlenbeck process is a Gaussian process with mean ye™"
and variance 02(1 — e=27) /2. It also confirms that this process tends to N(0,0%/2v) as

t — 00 since -
e T /o

plz) = lim p(z,tly) = o

Generally, the limit of p(z,t|y) as t — oo, when it exists, gives the equilibrium density p of
the process. It satisfies

2
0=~ 2 (b(a)e) + 5 25 ala)p).

Forward and backward Kolmogorov equations can also be derived for multi-dimensional

processes. They read respectively

Bp &0 1 &2
3 ]z.—.:l %;(bj(”f)ﬂ) + 5“,2:1 _—axiaxj (ajj(z)p)

and
8 YK ot Ly
ot , 57 83 8’@
Jj=1 JJ’ 1
where aj;e(: ZA 1 05k(T)0 k().

Notes by Walter Pauls and Arghir Dani Zarnescu.
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Lecture 8: Asymptotic techniques for SDEs

Eric Vanden-Eijnden

Here we discuss techniques by which one can study SDEs evolving on very different
time-scales and derive closed equations for the slow variables,
1 The case of stiff ordinary differential equations
We start with an ODE example. Consider
X; = —Y2 +sin(nt) + cos(V2nt) Xo==

. 1
Ytz_E(Yt_Xt) Yo=1y.

1)

If € is very small, Y; is very fast and one expects that it will adjust rapidly to the current
value of Xy, i.e. Yy = X; + O(e) at all times. Then the equation for X; reduces to

X, = — X2 + sin(nt) + cos(v/2t). (2)

The solutions of (1) and (2) are compared in figure 1.

Here is a formal derivation of the limiting equation (2) which uses the backward Kol-
mogorov equation. For simplicity we drop the term sin(7t) 4 cos(v/27t). Generalizing the
derivation below with this term included is easy but requires a slightly different backward
equation because (2) is non-autonomous. Let f be a smooth function and consider

U(.’E,y,t) = f(Xt)

(This function depends on both z and y since X; depends on both these variable because
X, and Y; are coupled in (1), and there is no expectation since (1) is deterministic.) The
backward equation is

ou 1
E‘ = Lmu + ELy’U,,

where

0 0
L=-vg  Ly=—-a5.

Look for a solution of the form u = ug+eu; +O(e?), so that u — ug as € — 0. Inserting this
expansion into the backward equation, and grouping terms of same order in €, one obtains

Ly’u,o = 0,
ou

0
W — Lyuo,

(3)

Lyul —
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Figure 1: The solution of (1) when € = 0.05 and we took Xg = 2, Yy = —1. X, is shown in
blue, and Y} in green. Also shown in red is the solution of the limiting equation (2).

and so on. The first equation tells that «o belong to the null-space of Ly, i.e. ug = uo(x,t).
The second equation requires as a solvability condition that the right hand-side belongs to
the range of Ly. To see what this condition actually is, multiply the second equation in (3)
by a test function p(y), and integrate both sides over R. After integration by part at the
left hand-side, this gives

I otovundy = | oy (280
/RLyp(y)u.ldy—/Rp(y)( 5 Lmuo)dy-

where L7 is the adjoint of Ly viewed as an operator in y at fixed z, i.e.

R 0
Liply) = a—y((y —z)p(y))-
Choosing p(y) such that
0= Ljp(y), (4)
one concludes that the solvability of (3) requires that
' aUO
0= AP(@/)(W - Lzuo)dy- ()

It can be shown that this equation is also sufficient for the solvability of (3) — the calculation
above actually tells the range of Ly is the space perpendicular to the null-space of the adjoint
of L,. Now, (4) is simply the forward Kolmogorov equation for the equilibrium density of
the process Y; at fixed X; = 2. Here the equilibrium density is a generalized function

plylz) = 6(y — z).
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Using this p(y|z), the solvability condition (5) becomes

_ 8u0 6u0
0=3 T %%’

which is the backward equation for
Xt = ——X? s XO =x.

A similar argument with the term sin(nt) 4 cos(v/2t) included gives the backward equation

for (2).

2 Generalization to stochastic differential equation
The derivation that lead to (2) can be generalized to SDEs. Consider

dXt = f(XhYVt)dta XO =Z

dY; = 1b(X Y,)dt + iU(X Y;)dt Yo = ©)
t= 7 ts It NG ty I1)at, 0=Y,

and assume that the equation for ¥; at X; = z fixed has an equilibrium density p(y|z) for

every x. Then going through a derivation as above with

u(ma Y, t) zEf(Xi)7

one concludes that the backward equation associated with this SDE also reduces to (5) as

e —0,ie.
8’110

BUO _
oy — (m)-a?a

where

ot
F(z) = /IR f(@,y)p(ylz)dy.

Thus the limiting equation for X; is
Xt = F(Xy), Xo=0.
The main difference with the deterministic example treated before is that the fast process
Y; does not rapidly settle to an equilibrium point depending on the current value of X; —
only its density does. '
Here is an example generalizing (1). Consider

{dXt = —Y2dt + sin(rt) + cos(vV2nt), Xo==x
(7)

1 a
dY; = _E(Yt — Xy)dt + %qu Yo=yv.

The equation for Y; at fixed X; = z defines an Ornstein-Uhlenbeck process whose equilib-
rium density is
e (y_m)2/a2

plylz) = —Jra
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-3 It 1

Figure 2: The solution of (7) with Xg = 2, Yy = —1 when ¢ = 1072 and o = 1. X is shown
in blue, and Y; in green. Also shown in red is the solution of the limiting equation (8).

Notice how noisy Y; is.

Therefore ,

: —(y—=z)*/a
- 3¢ _ _.3_3.2

and the limiting equation is

X, =-X} - 302X, +sin(nt) + cos(V2xt), Xo = z. (8)

Note the new term —3a?X,, due to the noise in (7). The solution of (7) and (8) are shown

in figure 2.

3 Strong convergence and the property of self-averaging

The derivation in section 2 only give weak convergence, or convergence in distribution. But
stronger results can be obtained. Consider a system of the form

X§ = f(X£,Yye), (9)

where Y] is a given stochastic process. Assume that Y; is ergodic, in the sense that for any
fixed z,

1T,

lim = f(z,Ys)ds = f(z). (10)
T—o0 T 0

Then we can show that, as e — 0, X converges strongly to the solution of

);(t = f(Xt) (11)
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To see this, consider the integral form of (9):

t+ At .
X§, 0 — X5 = / F(Xa, Yi/2)ds. (12)

We rewrite this equation in a way that allows us to exploit the self-averaging property (10).

t+ At t+ At
Xte—i—At - XtE = /t f(Xia )/s/e)ds +/t (f(XSa Yts/e) - f(Xt7 Y;'/e)) ds. (13)

We will consider the behavior of these two integrals as € — 0 separately.
Using (10), the first integral

t+At (t+At) /e _
/ F(Xo,Yope)ds = € / (X, Yo)ds — AtF(X), (14)
t t

£

as € — 0. To investigate the contribution of the second integral, let

1+ At
A(t, Aty€) = / (f(Xa,Yage) = £(Xer Yage)) ds. (15)

We then have rr
A At < [ 110 Vi) = (K0 Yopo) ds. (16)

Assuming f is uniformly Lipschitz in Y; with constant K, we then write
t+At
|A(t, At, €)] S/ K|Xs — Xi|ds
t
t+ At s
S / K Xs — Xt - / f(Xt,Ys//e)dSI
t t
t+At s
+/ K‘/ f(Xt,Ys,/E)ds"ds
t t

It is straightforward to show using (14) that, for sufficiently small ¢,

t-+ AL s
/ Kl / f(Xt,}/s//E)dS,
4 t

for some constant C' < co. Gronwall’s lemma then implies that

ds < CAt? (17)

t4 At
‘XH-At - Xy -*/ f(XtaYs/e)ds‘ = |A(t, At,€)|
t
k < CAt? exp K At = o( At).

(18)

This shown that B
lim (Xipne — X5) = Atf(X]) + o( At). (19)
£—

which is sufficient to demonstrate that X7 converges strongly to X;.
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4 Diffusive time-scale

An interesting generalization of the situation presented in section 2 arises when
/]R f=z,y)plylz)dy = 0. (20)

In this case the limiting equation reduces to the trivial ODE, X; = 0, i.e. no evolution at

all. In fact, the interesting evolution then occurs on a longer time-scale of order =%, and
the right scaling to study (6) is
1
Xm = _f(Xh)/t)dt’ XO =z
: (21)

1 1
d)/i = E—Qb(Xt’}/t)df + EO’(Xt,Y't)dt, Y() =Y,

To obtain the limiting equation for X; as € — 0, we proceed as above and consider the
backward equation for u(z,y,t) = Ef(X;), which is now rescaled as

ou 1 1
— = -Lyu+ - Lyu.
ot e g2

Inserting the expansion u = ug + euj + e2uy + O(e?) (we will have to go one order in &

higher than before) in this equation now gives

Lyuo = 0,

Lyuy = —Lyuo, (22)
Ju

LyUQ = ﬂa?o- - Lmul,

and so on. The first equation tells that wg(z,y,t) = uo(z,t). The solvability condition for
the second equation is satisfied by assumption because of (20) and therefore this equation

can be formally solved as
uy = —Ly—lLI’U,().
Inserting this expression in the third equation in (22) and considering the solvability con-
dition for this equation, we obtain the limiting equation for wug:
811,0 -
— = Lyuy,
ot %0,

where

Ly = / dyp(yle) Ly L, L.
R
To see what this equation is explicitly, notice that —L;]g(y) is the steady state solution of

Ov
- Lyv + g(y).

The solution of this equation with the initial condition v(y,0) = 0 can be represented by
Feynman-Kac formula as

14
ot = E [ gV)ds,
0
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where Y;* denotes the solution of the second SDE in (21) at X; =z fixed and ¢ = 1, i.e.
dYF = b(z,Y")dt + o(z, YF)dW,, Y§ =v.

Therefore o
~1700) = [ o0
and the limiting backward equation above can be written as

) o0 | i) 2
o=k [t [l (f@rn5R),

This is the backward equation of the SDE

dX; = b(X,)dt + 5(Xy)dW;,  Xo = =,

where

o) = [ [ oole)f(5,0) 5 1o Yot
52 = > z)f(z z,YF )
5%(z) = 2E /0 /R o0l () (2, V) dydt

The interesting new phenomena is that the limiting equation for X; has become an SDE.
This means that fluctuations are important on the long-time scale and give rise to stochastic
effects in the evolution of X; that were absent on the shorter time-scale.

The calculation above is easy to generalize if there is a slow term in the original equation
for Xy, i.e. if instead of (21) one considers

1
dXy = g(th't)dt + Ef(Xt7}/;)dt? Xo=z

1

4Y, = b(X,, V)it + 2o (X YOdt,  Yo=y,

The limiting equation for X, is then
dXy = G(Xy)dt + b(X;)dt + 6(X)dW;, X = =,

with b(z) and &(z) as above, and

Glz) = /R p(y12)g(z, 3)dy.

It is also straightforward to generalize to higher dimensions.
Here is an example.

2
dX; = 22V, Z,dt — (X, + X3)dt,

g

1

5% 7 X,dt — ~Yidt + ~aw?,
£ £ 1 g 1

dZ, = — 20V, Xdt — = Zydt + —dW7
3 2 12

dY; =
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Figu)re 3: The equilibrium density p(z) = Z-lez(e® D —gat o o = % (blue) and a = 2
(red).

where WY, Wi are independent Wiener processes and « is a parameter. There are two
fast variables, ¥; and Z,, in this example. There is also a slow term, —(X; + X2)dt, in
the equation for X; which, in the absence of coupling with Y; and Z;, would drive X; to
the position = = 0. We ask to what extend this equilibrium of the uncoupled dynamics is
rclevant with coupling with Y; and Z;.

The limiting equation for X, is

dX, = ((a® — 1)X; — X3)dt + adW,.
The equilibrium density for this equation is
plz) = Z 7 leal0?=Dz*—ga?

This density is shown in figure 3. For |a| < 1, p(z) is mono-modal and centered around
2 = 0, the stable equilibrium of the uncoupled dynamics. However, for |a] > 1, p(z) be-
comes bi-modal, with two maxima at ¢ = +vo? —1 and a minimum at z = 0. Thus
coupling with the fast modes may destroy the structures apparent in the uncoupled dynam-
ics and induce bifurcations.

Notes by Inga Koszalka and Alex Hasha.



Lecture 9: The use of variational methods for high-contrast
conductivity problems

George C. Papanicolaou

1 Introduction

In this lecture we will consider the conductivity in a high-contrast medium. Besides its
physical importance, the model under consideration will serve as an illustration of the use
of variational principles. This will provide a good introduction to variational principles
before using them in a more difficult form in the next lecture, where convection-diffusion
problems at high Péclet numbers (strong convection versus weak diffusion) are considered.

2 General formulation

Consider a smooth region © C R? with outward unit normal n(x) and with given non-
negative conductivity o(x)!. The governing equation for the potential ® is o

V. [o(x)V®] =0, x € Q, (1)
with Neumann boundary condition?
a(x)g—i = I(x), x € ON. (2)

The outgoing current I(x) is assumed to be equilibrated, hence

/ IdS = 0. (3)
a0

Next, let us introduce s(x) by assuming that the conductivity has the form
o(x) = age™ /e, (4)
where we are interested in the high-contrast limit characterised by € | 0.
Plugging (4) into (1) leads to
eADP —Vs- VO =0. (5)

!The analysis will not be affected qualitatively in 3 dimensions, but for simplicity we will consider R2.
2Dirichlet boundary condition ®|sn = ¥ can be analysed as well, without qualitative changes.
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Notice that the operator on @ in (5) is self-adjoint, as opposed to the similar equation for
a divergence-free fluid, which will be discussed in more detail in the next lecture. In fact,
(5) is difficult to solve in general, hence in the following section the classical variational
principles will be introduced to help us estimate the solution without solving the equation

itself.

3 Variational principles

To introduce the classical variational principles, we first need to define Dirichlet-to-Neumann
(DtN) and Neumann-to-Dirichlet (NtD) maps.

The DtN map A takes Dirichlet boundary data ®|gn = ¥ to the outgoing current
1= a—g%, hence AV = I. Furthermore, given (3) the NtD map can be defined as the inverse
of the DtN map, namely, ¥ = A~'J. Without going into details, let us note that after
determining these two maps, one has almost all the information about the problem that

can be observed at the boundary.

A is a self-adjoint, positive semidefinite map with respect to the standard inner product.
Indeed,

(AV,T) = / AV (x)¥(x)dS = I(x)¥(x)dS = (using the boundary conditions)
J N o0
' 0P (x) ' )
= o(x) d(x)dS = ®(x)o(x)VP - ndS = (by the divergence theorem)
Joa on o0
= [ V- (2x)o(x)VP)dV = / o(x)VQ - Vo4V > 0. (6)
Q J§

which demonstrates that A is positive semidefinite. In the last step we integrated by parts
and used (1). Now let ¥; and Wy be two different scts of Dirichlet boundary data. Using

(6) we see that
(AW, T,) = / AV (x)Py(x)dS = / o(x)V®; - V@5 dV = (by symmetry)
J o9 Q
= [ AW ()T, (x)dS = (U1, ATS) (7)
an

and thus the map A is self adjoint.
Now we are ready to introduce the Dirichlet variational principle(DVP):

(A¥, ¥) = min {/ oV - VddV | VD is square-integrable and &[5 = \IJ} . (8)
& UJa

To prove the DVP (8), we consider the Euler-Lagrange equations for the variational problem
on the right hand side. If an integral K is of the form

K= / f <(i)~,(i):r,> dv, where &, = 0P (9)
Q

8.’171‘ ’
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then the corresponding Euler-Lagrange equations for solving 6K = 0 by varying ® are,
using the summation convention,

of 9 (0f )
o Oz (8@1) 0 (10)

For equation (8) f(®,®,,) = 0®,,®,, and thus the Euler-Lagrange equations become

o ~
9 (o ) = 0. 11
This is simply our original conductivity equation (1), and thus the integral in the DVP
(8) is minimised when ® = ® where ® solves (1). The integral in the DVP is called the
Dirichlet integral and measures the rate of energy dissipation.

The DVP can be written in another form, namely,

(AY,T) = min {/ oE-EdV |E = V& is a curl-free field and ®|5q = \Il} . (12)
E Q
This form of the DVP helps to illustrate better the duality of DVP with the Kelvin
variational principle(KVP):

(I, A71I) _—_mjn{/ 07'j-5dV | V-j=0and j nlsn =1}, (13)
J Q

where j = 0V® is the divergence-free current. A similar calculation shows that the mini-
mum is realized by j = 6 V®, where ® is again the solution of (1).

Notice that while we cannot solve the conductivity equation (1) in general, we know
beforehand that the solution must be the minimiser of the functionals appearing in both
the DVP and KVP. This important feature allows us to bound both A and A~! from above
by taking appropriately well-constructed test functions ® and j It can be shown that this is
equivalent to finding both upper and lower bounds for the map A. In some problems these
bounds coincide, giving rise to the ezact solution. This method is particularly well-suited
for problems in the high-contrast limit, where we try to find an asymptotic form for the
solution or at least bound it from both above and below.

4 The high-contrast conductivity problem

In this part of the lecture, we consider a particular problem which will serve as a bench-
mark to illustrate the application of the variational principles in the conductivity-related
problems.

Consider the conductivity equation (1) with ®&(z,y) = x(z,y) + z,

V-[o(Vx+e1)]=0, (14)
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where for simplicity we have dropped the arguments (z,y). Here e; is the unit vector along
the x-axis. Let the domain be the square region D = [~1/2,1/2] x [-1/2,1/2]. Consider
solutions with periodic potential x(z,y), which must be unique up to an additive constant.
We will be intercsted in the quantity

o*(e1) = (0(Vx +e1) e1), (15)

where the average ( ) is taken over D. ¢*(e1) can be interpreted as the average flur per
unit average gradient in the direction ej.

Suppose o(z,y) satisfies o(x,y) = oge*@¥)/¢ with the high-contrast assumption 0 <
€ < 1. Then we can write o*(ej) in the following form (justified by an integration by parts
and (15)):

o*(e1) = (o(Vx +e1) (Vx+e1)) = / o(Vx+e1) (Vx+e1)dxdy. (16)
D
Furthermore, using the Dirichlet variational principle,

o*(e1) = 1’1’1)\_in/ 00"/ (VX +e1) - (VX + e1) dz dy. (17)
< JD
We will now consider the case where there is a single saddle point in our domain (Figure
1). The integral in (17) cannot be tackled by Laplace’s method, since x itself depends on
the infinitesimal parameter e. In fact, the major contribution in the integral comes from
the neighbourhood of the saddle point, which, without loss of generality, can be assumed
to be at the origin with principal axes aligned with the coordinate axes. Since the gradient
of the function at a saddle point vanishes, we have the following Taylor expansion of s(z,y)

up to second order:
kl ]‘2 2
s(x,y) & s0 — 2:12 + 5y

where k7 and ko are the principal curvatures of the level curves of s intersecting at the

(18)

saddle point.

Next, we pass into an approximate incquality by shrinking the integration region to
= [=4,d] x [—6,6] and plugging the truncated expansion (18) into (17), as well as by
minimising only among the functions x(z,y) = x(z):

' 1 k k
c*(e1) < nn/ 00 exp ——[50— 22+ 2y2] (Xe +1)2dzdy
x(z) Ja 2 2

2
~ gpe 0/, | 7;6 1;1(;11/ en? X +1)%dz. (19)

By DVP, the solution of (14) is the minimiser of the functional above, hence we will look
for x(z) satisfying the equation

(57 (%p +1))s = 0, (20)
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Figure 1: Topography of s(z,y) in the square region D. At the origin there is a saddle point.
The filled line through the origin is a valley, the dashed line a ridge. The local maximum
is a filled circle, the local minima a hollow circle. The analysis focuses on a small region A
near the saddle point.

as well as the periodicity condition for y, which implies
<)2$> =0. (21)

Since ¢ is very small, the average in (21) can be taken over the neighbourhood of the saddle
point [—4§,6] as well as over the whole interval [—1/2,1/2] without changing the leading
order asymptotic term.

Solving (20), one finds

%e+1=Ce 2%, (22)
while the constant C can be found from (21):

1= (fo+1) = (Ce~ 2%y ~ C, 21, | (23)
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Hence the optimising function satisfies the approximate equation, which is asymptotic to
the solution of (14) as € — 0

1 k
5(:5 +1~ e_i‘laﬂ . (24)

Plugging into the integral (19) leads to

/ € 6 6_%1‘2 / k]
* < —sofe [on = ~ —sofe [ M 25
c*(e1) < ope 1/ 7rk2 /—5 27rf1— ope T’ (25)

which is the conductivity at the saddle point gge™$0/¢, multiplied by the factor 1/’,2—; deter-
mined by the curvaturcs of the level sets passing through that saddle point. For instance,
small ko corresponds to a narrow saddle point, where the conductivity is large.

Using KVP for the backward NtD map, one can find a lower asymptotic bound for
0*(e1) which turns out to be exactly the same as in (25)! This leads to the ezact asymptotic
expression for the average resulting flux in the z-direction
—so/€

a*(e1) ~ oge as € — 0. (26)

ko’

The corresponding resistance p* = 1/0* is given by

1 k
* ~ —gf0/e 22 s e — 0. 2
p*(e1) Oe \/k/ ; ase — 0 (27)

5 Complicated topography

We now consider the situation where we have multiple saddle points in our domain. Figure
2 gives an example of such a situation.

To understand how current flows through the domain in Figure 2 it is useful to make an
analogy with the flow of water. Consider the case where current flows into the domain over
a. It will low directly to the nearest point of maximum conductivity, node 1. There current
will “pool” before escaping through the “channels” (saddle points) to the adjacent nodes.
From these nodes current will then flow either to other nodes via the channels, or out of
the boundary. Hence intuitively the domain can be thought of as behaving as a network of
channels.

More formally, we have that the dominant contribution to the DtN map A as e | 0
is determined by the saddle points of s(x,y). At each saddle point we can calculate the
resistance of the saddle using the result for a single saddle (27). Denote the resistance of
the saddle point between node @ and node j as R;;. Note that R;; is symmetric: R;; = Rj;.
Since cach saddle can be considered as a single resistor, we can reduce the problem to a
simple resistor network (Figure 3).
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Figure 2: An example domain with multiple saddle points. The topography of s(z,y) is
shown. The filled circles are local maxima of conductivity, and are numbered 1, 2, 3, 4
(we will refer to these as the nodes). The lines dividing the domain are the valleys. The
corresponding divided parts of the boundary are labelled a, b, ¢, d. The saddle points are
shown as two short parallel lines, resembling channels. The resistance R;; has been labelled
by each saddle (see later discussion).

The DtN map A of the full problem is asymptotic as € | 0 to the DtN map of the
resistor network. Consider the Dirichlet problem where the potential & is specified on the
boundary, ®|gn = ¥. Then equation (8) becomes

(AT, T) = minqj/ﬂaVé~V§>dV< min > Z (éj-—ék)z. (28)

P,2la0= $p,®rlon= =Yk jenodes kev;

The above expression specifies an asymptotic upper bound for the DtN map A. Here the
set v; is the set of nodes adjacent to the node j, and <i>j is the potential at node j. ¥y are
the integrated potentials specified on the sections of boundaries k. The boundary condition
is now that the potentials &, of nodes adjacent to the boundary are equal to the potentials
\L[J;C on the boundaries. For the example domain, the boundary condition becomes <I>1 v,
oy = 0, s = V., and &, = W, In this simple case it means that all &, have been
determined, but in more complicated cases there can be &, in the interior of the domain
which are not directly specified by the boundary condition. Even in these more complicated
cases, the minimisation is now just an easy to solve matrix problem.

Similarly we can solve the dual problem (13) where the current j is specified on the
boundary rather than the potential ®. The dual problem yields a corresponding asymp-
totic upper bound for the inverse map A™!, and thus an asymptotic lower bound for A. As
in the single saddle case it turns out that the asymptotic lower bound for A is the same as
the asymptotic upper bound, and thus we get an asymptotic equality.

Notes by Khachik Sargsyan and John Rudge.
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Figurc 3: Resistor network corresponding to the domain in Figure 2. Current flows into or
out of the network over the boundaries a, b, ¢, d.
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Lecture 10: Convection Diffusion Problems

George C. Papanicolaou

1 2-D Convection-Diffusion

Consider a 2-D divergence-free, periodic, steady flow field u(¢, z) in a domain without any
boundaries. Let (¢, z) be the concentration of a passive scalar, say temperature. Then the

non-dimensional governing equations for the non-dimensional variables p and u are:
pr+u-Vp=eAp, (1)

V-u=0, (2)

together with the initial condition p(0, z) = p%(x). Note that € is dimensionless parameter

since €1 ~ UL/v = Pe, where Pe is the Peclet number and L is the size of the peri-
odic cell. By integrating (1) over R? and using (2), we see that if [5, p%(z)dz = 1, then
Jore P(t, x)dz = 1. Also if 5°(z) > 0, then j(t, ) > 0. Since V- u = 0 and the flow is 2-D,

it is possible to introduce a stream function ¥(x):

U= (-wya z/}.’r) . (3)

If ¢(z, y) = sinzsiny + d cos z cos y, then we have a cellular flow if § = 0, and a shear flow
if § = 1. Since z(t) is the position of a diffusing particle, the evolution equation for z(%)

can be written as the following SDE:
dz(t) = u(z(t))dt + V2 dW (t). (4)

If there is no diffusion (i.e. there is no v2¢ dW (t) term in (4)), a particle starting on a
particular streamline remains on the streamline. If we have diffusion, there is a possibility
for a particle which starts in the region (a) to move to the region (b) (See Figure 1). In

that case, g can be interpreted as the probability density of x(t).
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2 Effective diffusivities

Consider a diffusing particle, lim;_, o %IE [{(z(t) = =(0)) -€}?] always exists for u(z) which
is periodic and satisfies V -« = 0 and (u{z)) = 0, where (-) represents the periodic cell
average. We denote this limit as o7 (e), so called the effective diffusivity. It is a quadratic

form of e.
We now take the large time, long distance limit of the PDE (1) by changing the variables

t — n2t, & — na and letting n — oco. (This process is called the homogenization.) pn(t, ) =
p(n?t, nx) converges to p(t, ) in an appropriate sensc as n — oo, where p(t, z) is the
solution of the homogenized equation

pe=V-(0;Vp), (5)
with p(0, z) = p"(z). of(e) is a constant matrix, or more precisely

oi(e) = (el +¥)(Vx +e)-e), (6)

where I is the identity matrix, x(z) is a periodic function in %2, and

0 _'l/](:l"a y)
¥(x) = 7
) ( ¥(z, y) 0 ) ™

It is found that o} (e) satisfies the polarization relation

(G*)ij = Z[U:(ei’*_ej)—(j:(ei_ej)] ) ia j=1, 27 (8)
where ey = (1, 0), ez = (0, 1). Apart from the homogenized equation (5), the homogeniza-

tion process also yields the cell problem, that is

V(] + V(@) (Vyx +e)]=0. (9)
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o can be calculated by solving (9) for x and plugging it into (6). The full derivation of
(5), (6) and (9) will be shown in the next section. The physical interpretation of o7 (e) is

the average flux in the direction e when there is a unit average gradient in the direction e.

3 Asymptotics for p,(t,z)
Recall the passive scalar advection equation in the fast variables

Opn _
2 = V([ +¥a(2)]Ven) (10)

with initial condition
pn(0,z) = p°(2)

where I is the identity matrix, ¥,, was defined previously, and we have set € = 1. First we
must check that (10) solves (1)

%:(Q@W 5Pn> +<?_@_ ?p_>
T Y

ot oz Oy dy oz
= (pn)ez + (Pn)yy - (¢n)x(¢n)y =+ (¢n)y(¢n)m - ’d’n(ﬂn)my + '(/)n(Pn)y:c
= App —u-Vpn.

Next we expand p, in an asymptotic series
1 1
pn(t,z) = p(t, ) + ;L-p(l)(t,x,m) + 52-/)(2) (t, z,nz) + ...

It is clear that for this problem we have a clean separation of scales. The fast time scale

does not appear because the coefficients are time homogeneous.

Let nz = £ so that V — V, + nV,. Plugging p, into (10) we get

0 1 1
el 2,0 L 2 @ —
Ey <p+ np + n2p + )
LN ORI )
As is standard procedure, we equate the coefficients for powers of n. At O(n?):
Ve [+ Wa(€)) Veg] = 0. (11)
Note (11) is automatically satisfied since p is not a function of £. At O(n):

Ve - [(1+ Wa(€)) Vap] + Vo - [+ 0al®) Vepl + Ve |1+ Wa(@) VepD] 0. (12)
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The second term in (12) is zero via (11). Upon rewriting (12) we get
Ve [T+ 2a(€)) (Ve + Vap) | = 0 (13)

which resembles the cell problem (9). Equation (13) is a PDE for p(1)(¢) (periodic in &).

We can cast (13) into the cell problem by letting

PV (t,2,8) = }:xej ——(t,z)

which separates the £ dependence from the ¢, x dependence. The function xe(§) satisfies
Ve (1 + P, (£)) (V£Xe(§) +e)]=0. (14)

At O(1):

Op

= Ve U4+ Wa(€) Vap™ | + V- [+ ¥al©) Vap®)] +

Vi [T+ 9a(6) Vo] + Vo - [(T + 0n(8)) Vil

which is a PDE for p()(¢) (periodic in €) with ¢, 2 as parameters. This can be re-written

as
Ve [(1+ 0,(€)) Vep®] + 5 =0 (15)

where

S = Ve [(1+ 0u(&) Vap | + Vo - [(1+ Wa(€)) VeV | + Vo - [(T + 00(€)) Vup] - gf

Upon taking the cell average of (15), we obtain
(Vo [+ 9(€) Ve ] ) + (S) = 0 (16)

and since Vgp@) is a gradient of a periodic function, (S) = 0 which yields

Op

o= (Ve [+ 0n(©) Vap) | ) + (Vo - [(T + 0a(€)) VepM] ) +

(Vo - [(1 4 Up(€)) Vep))
=V, [((T+ W (€)) (vgp‘” +Var))]
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since Vzp(1) is the gradient of a periodic function. In component form

ap(l) _Qf’_
Z@x < (351 +6$J>>
) 5 Bp(t AT
Z B; < <8§] (Z X 0, ) " a—%>>
_ (e oo ___32f’
B %: ; <A” ( 0¢; Ox;0xy * 6Jk33313$k>>

-2 (2 (32 +0))) o2

where A;; = Ij; + ¥;;(£). Thus, we obtain the homogenized equation

p _ .
E - Zk:aikamiaxk (17)
with
. 0
)
j J
or
dp _ .
i V- (6lVp). (18)

In summary, the key ideas for homogenization are:

1) Perform a multiscale expansion

t,x ~ macroscopic scales (slow)

n2t, nz ~ microscopic scales  (fast)

the resulting PDE will involve both fast and slow variables. In our case ¥ — ¥(nz). In

general ¥ — (n’t, nx, t, ).
2) Seek an expansion in which the principle term is slowly varying (¢, z).

3) The coefficients of the slowly varying equation come from a cell problem. In this case

the term of interest was p and we had to go to O(1) to get the cell problem.
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The effective diffusivity matrix, o} is given by

of ={(el +¥)(Vx) €
= (eI +¥)(Vx+e) (Vx+e))

where we added Vx to e because V - [(e] + ) (Vx +e)] = 0 (9). Also since (Vx +e) -

Vv + e) is a quadratic form and ¥ is skew symmetric, we obtain
y k]

or(e) = e (|Vx +ef)
=+ (IVxP).

From this it is clear that convection always enhances diffusion since o7(e) > e.

Finally we check convergence of the asymptotic expansion

1)

max nlt,x) — plx, i) < max
ogth(,meW'p"(’ ) Pz, )l T 0Kt<T xER?

1 1 1
Lo <_)’ <cpk
n n

n

provided pg decays rapidly at infinity and is smooth.
2)

*OC
/ / (Vpn — Vp)0(t,z)dxdt — 0
0o Jw2

where 0 is a test function. This says that on average the gradient converges. Calculating

Vp, we obtain

Vpn =Vp+ Vgp(])(t, T,nT) + ...

2 1
Vpn — (vp+ Vgp(]))‘ dr < Cp=

sup /
0<t<T J32

thus p!) closes the problem and allows us to determine Vp,. Note that 3) implies 2).

Notes by Tiffany A. Shaw and Aya Tanabe.
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Lecture 11: Analysis of the Childress cell problem and
stability of cellular flows

George C. Papanicolaou

1 Introduction

In the first part of this lecture we will discuss the Childress analysis of the cell flow problem
and apply to it variational methods. Furtheremore the general case of coupled Childress
cells will be briefly analyzed. In the second part of the lecture we will discuss the stability
of 2D cell flows for the forced Navier-Stokes equation.

2 Childress analysis of of the advection-diffusion problem for
a simple cell flow

In the previous lecture we have seen that the multiscale analysis gives us the following large
scale equation

V(eI +3¥)(Vx+e)] =0, (1)
where I is the unit matrix and ¥ is the matrix given by
0 —,‘/J(xa y))
Y(x,y) = 2
c= (s o @)

The effective diffusivity is equal to
o;(€) = (eI +T)(Vx+e)-e) = oi(e) = (e +T)(Vx+e) (Vx+e) = e+e(Vx-Vx). (3)

The background flow is assumed to be given by a very simple velocity field u = (-0, 0v)
with stream function

Y(z,y) = sinzsiny, (4)
which is represented on Figure 1. Note that due to the symmetries of the flow (4) it is
sufficient to consider a quarter of the original cell [0,27] x [0,27]. Indeed, a fluid particle
which is initially contained in the cell [0, 7] x [0, 7] will stay in this cell for all times, see
Figure 1.

‘Equation (1) can be also written as

eAx+u-Vx+e -u=0. (5)
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Figure 1: Simple cellular flow with strcam function ¢(z,y) = sinzsiny within the cell
[0,27] x [0,27] (a) and the quarter cell [0, 7] x [0, 7] (b).

Chose e = (1,0) and let p = x + z. Then we obtain the egnation
eAp+u-Vp=0. (6)

The boundary conditions are specified as follows

p(0,y) =0  p(m,y) =0; (7)
0 bs)
BZP(%O) =0 —a—gp(an m) = 0. (8)

The effective diffusivity can be calculated as follows

. € T s
o= 5 [ | (90 anay, 9)

where o (e;) = o}. To calculate the eflective diffusivity (9) boundary layer theory can be
applied [1]. On dimensional grounds the thickness of the boundary layer is expected to be
of order v/e. Indeed, the boundary layer can be estimated by equating the convection time
scale teonv ~ L/Up and and the diffusion time scale tqig ~ I2/v (Up is the characteristic

velocity and v is the viscosity). The quantity I/L is the width of the boundary layer.
. . 2 . 2.
Equating t.onv and tgig we obtain ULE ~ % and % ~ (%) . Since € = ﬁlg ~ (%) it follows
that the width of the boundary laye is given by % ~ /€. The same arguments apply to the
case of more general periodic flows (discussed in [2]) such as the one given by the stream

function
Y(z,y) = sinxsiny + § cos z cos y, (10)

see Figure 2.
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Figure 2: Cellular flows with stream function 9(z,y) = sin 2 sin y + 6 cos z cos y for different

d’s.

Cellular flows connected with each other by slight random deformations of saddle points
have been considered by Isichenko in [3]. The deformation is assumed to be of the form

¥(z,y) = sinzsiny + 6¢(z,v), (11)

where the parameter § is assumed to be small and the function z/; is random with certain
properties [4].

In the periodic case the effictive diffusivity can be estimated by using the fact that p
changes significantly only in the boundary layer. Therefore Vp is of the order of 1/1/€ and

2
i (3 Ve e
More precise results can be obtained by using the boundary layer method. We introduce
boundary coordinates

(z,y) — (,0), 0<y<1, -4<6<4. (12)

Note that 1) is just the value of the stream function which is equal to zero on the boundary.
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Furthermore , the level lines of ¥ and € are orthogonal
Vi -VO =0, |V¢|=|Vl| on ¢ =0. (13)

It is suitable to rescale the coordinate 4 in the neighborhood of the boundary. We define

(h,0) = (%9) (14)

The standard chain rule yiclds

o0 _oh0p 000
dr Oz Oh ' Oz 06

and
Pra = h'ac:r,pa: + h;%phh + 2hfremph,9 + gmxp() + 02/)00-

For € < 1 the left hand side of (6) can be written as

€
e(pz + pyy) — —ﬁm/fpn + VY2 i + €A8pg + (V)2 pgo.

Form the condition (13) follows
—Yypr + Yapy = V1 - Vlpy = |V1/)|2p9 + h.o.t.

The boundary layer equation has the form

puhtpg=0, h>0 —-4<6<4 (15)
with boundary conditions
p(0,6) =0, for 0<6<2 (16)
p(0,0) =m, for —4<0< -2 (17)
9 —0, for —2<6<0 and 2<64. (18)

Finally, we obtain the Childress equation

RN / /4 2dhd0 (19)
Lanav.
\/EO( 7T2 0 _4 P

This problem has been treated by A. Soward in [5].

Finally, let us remark that boundary layer coordinates can be used to give an estimation
of the scaling of ¢ in the case of random flows. As before we suppose that the boundary is
given by the level set ¢y = 0. However, due to the randomness of the flow this boundary has
a complicated fractal structure. For small 4 let the characteristic velocity at ¥ be denoted
as U(%) and the width of the boundary layer by I(3). Just as in the case of periodic flows we
equate the diffusion time scale to the convection time scale U (1) /e ~ I(1)/Uy. Percolation
methods can be applied to caleulate the width of the boundary layer in dependence on
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[4]. This gives I()) ~ 9~7/4. Since the velocity is assumed to be smooth it follows that
U(¢) ~ ¢ and Uy = O(1). Therefore

v~ A/15, (20)

Supposing that the gradient of p is of order % we obtain from (9)

2
ot~ (—};) 1)U () ~ 1, (21)

where [(¥)U (%) is the area of the boundary layer. Therefore, for random flows the effective
diffusivity scales like €15
3 Variational analysis

The discussion of variational method results in this section is largely based on [2]. Denoting
E}, = Vx + e; equation (1) becomes

V-(I+W)EL =0 (22)

and EZ, satisfies conditions V x E} = 0 and (Ef) = 0. We also consider the adjoint
problem

V-(I-%)E, =0, (23)
with V x E_, = 0 and (E_,) = 0. For convenience of notation define
D;Ll = (I +V)EL, E,, =I-Y)E,,. (24)
Then the effective diffusivity becomes
o*(e1, e2) = (D, - e2). (25)
Define now
! 1 + - ! 1 + -
12 = E(Eel - Eez) 12 = _Z_(De] - Dez)’ (26)
1 _ 1 _
Eip = 5(Ej1 +E_,) D= 5(D,j1 + Dg,), (27)
(28)
It follows that
1o = Ely + VE), V-Diy=0, VXEj,=0 (29)
Dig = Fio+ ‘I/E;Q, V:Di3=0, VX FE;3=0. (30)

The effective diffusivity can be written as

1

1 _ _
<D:1 'Eez>+§<Deg E2—1> =

1, -
(5(D4, - e2) + (D, - e) =

Qq

*
Il

»]

oF
8]

L\~

S
I
N[ =
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3 (D% + DE)ES + o)) — 1{(Dh = Dg)(BL, — B5) = (D Ens) - (Dly - Blg).

Then we obtain the following matrix equation

=) ) () )

o I) is symmetric but indefinite.

Effective diffusivity can be computed as solution of the following variational problem

O_G.St(e] , 82) — . ngf Sup {A(F, F,)} (32)
(F)="522 ,UxF=0 (Fy=913%2 VxF'=0

Note that the matrix <

where the matrix A(F, F') is given by

A(F,F') = <<_\PI ?) (FF) ' (i“))

The algebraic technique which underlies this calculation is that of a partial Legendre trans-
form.

We will now give upper and lower bounds. First analyze the supremum. Consider the
equation

VF' +V (VF)=0 (33)

with
€1 — €

2
where 'VA™!V is the projection operator on the space of divergence-free vector fields. It is
easily verified that (34) gives (33). Now we plug F’ into the expression (32) setting e; = es.
Then we obtain the following upper bound for the effective diffusivity

F/ =

~TUF, (34)

1
“(e)= _inf F-F)+~(CUF -TUF). 35
olle) = pinf,, delFF)+ ) (35)

Choose F' = Vf with f = f(h,6). Then the first term (F - F) in (35) gives

2
wir = ot (XY wiwor (%) (36)

where we have used (13). Since the second term in (36) is of order € in comparison to the

first, term we obtain
af\?

€ e 4 ) 1
e(F-F)Np/O /4|vm 0P

Here we have used the fact that near the boundary J(h,6) ~ \f|Vh|2
To calculate the second term in (35) suppose that €1“\1'\7]‘ = V' so that f’ is the

solution of the Poission equation

eAf = (=y,s) - V. (38)
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The second term of (35) becomes now

1

Z(F\IIVf-I‘\IIVf) =¢(Vf - V). (39)
To obtain f’ up to the leading order in € it suffices to replace equation (38) by
82f/ af/
e~ 50" (40)

where we have again used the fact that J(h,8) ~ \/¢|Vh|? near the boundary. Solving (40)
by direct integration we can calculate the left hand side in (39) in the same way as we have
done for e(V f - Vf). This gives

2
(F\IlVf IOV ~ / / ( ah,dh’) dh do. (41)

Finally we obtain the following inequality

%%a e)N——mf/ /( ) (/ <g£>dh’>]dhd0. (42)

In a similar a lower bound can be given. Note that Childress problem appears in both lower
and upper bounds bounds and represents therefore an asymptotic relation [2].

4 Coupled Childress problems

In each cell we have different functions f;(h;, ) and the following system of Childress equa-

tions 25 o)
i i
—_— _— = l .
572 + 50 0, h>0, 6€l0,l] (43)
We have to impose the following boundary conditions: fileqges = fir(#), where k is one of
the edges.

For common interior edges we have the conditions

of; 0
5%+i|ho 0. (44)

This allows us to construct a network approximation for convection-diffusion problems with
many cells, see Figure 3.

5 The Stability of Cellular Flows

Let us consider the two dimensional Navier-Stokes equations driven by a spatially periodic
force F(y):

U, +(U-V)U=-Vj+ L AU+ F
V-U=0
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Figure 3: Network approximation for problem of many coupled cells.

where the Reynolds number Re = UVL is based on a length scale L which is proportional to

the period of the forcing, taken to be equal to 27.

As we are in two dimensions, the incompressibility condition V - U = 0 implies that
there exists a strecam function ® so that U = ('g:f).

Writing the Navier-Stokes equations above in terms of the stream function ® we have:

0 1 .5 i
5 A0+ Ty (D, A0) = A% + (45)
where Jyy (1, v) = —ugvy + uive. Here f = —Fy o+ Fy is 27 periodic in R2. Tt is chosen so

that it gives rise to a stream function ¢ which is a time independent, mean-zero, periodic
solution of the Navier-Stokes equations:
1 o
Jyy(8(y), B(y)) = H=B70(y) + f(y) (46)
Let ®(7,y) = é(y) + (7,y) be a perturbation of the stationary solution ¢(y). If the

1 - . . - .
stream function of the basic flow is an eddy of size k™2, that is if ¢(y) is an eigenfunction

of the Laplacian

A¢ = —ko, (47)
then the driving force f(y) is
12
() = - 1-0()
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and ®(r,y) satisfies:

0, AD(r,) + Jyy (9(u), (k + A)YB(r,0)) + Ty (B(r, 1), AB(7,0)) = 7-AMB(r,) (49

What concerns us here is the stability of eddy flows like (46) and (47) subject to an
initial modulational perturbation, a perturbation on a scale much larger than that of the
eddy (see Dubrulle and Frisch([8] for references about previous works in this direction). For
this purpose, we introduce a small parameter ¢ and define the large-scale time and space
variable ‘

t=€r,x=ey (49)

respectively and analyse a special class of asymptotic solutions of (48), where <i>(’r, y) =
We(¢, x) is expressed in the large-scale or slow variables as:

UE(t,x) = U(t,z) + eVl (t,z,z/€) + V2 (t, z,2/€) + ... (50)

One can derive (see [6] for details) from (48) the large scale modulational equation for
W(t,z) in the vorticity form:

8 VAU (¢, 7) + ofq MV (ViU (8, ) ViU (¢, 7)) = vV ViVie VB (t, z) (51)

(where we used the convention V; = 5%).

The coefficients v;;,; are the tensor of eddy viscosity and a?{}:f”” are the effective coef-
ficients of another tensor which we call the nonlinear a-tensor (see [6] for details). Both
tensors are derived as necessary solvability conditions of auxiliary cell problems that guar-
antee the validity of the separation of scales for some finite time.

We will consider a family of cellular flows with a stream function

¢ = sin(y1) sin(ys) + 6 cos(y;) cos(y2),0 <4 < 1

All coefficients of the eddy viscosity tensor vj;,; but one, called / can be computed
analytically. The large-scale modulation equation corresponding to v/ is:

2

%v%p + R?e(vg — VIHB((V19)? + (Vo0)) + (1 4 62) V1V + + T (¥, V)
= Loty - By, 4 5v0)2 4 (V) + Vo) v20 4+ + (221 + 82) + ) (V2 — V)T (52
= T g (V1 2)” + (V1 + Vo)V ++(2(1+ )+ v )(Va = V)T (52)

The ¢/ can be computed numerically for Re < 32, and for closed cellular flows ¢ =
sin(y;) sin(y2) it can be shown that v/ = O(Re?%) for large Re. This is done using an
extension of the variational principles discussed earlier in this lecture (for details see [6]).
Previously, Sivashinsky and Yakhot ([7]) and also Dubrulle and Frisch ([8]) have done a
small Reynolds number linear stability analysis (see [7]), but in our case we are concerned
with large Reynolds number flow.

The modulational perturbations of closed cellular flows (§ = 0 in (5)) are much more
stable than the shear cellular flows (§ = 1 in (5)) for large Reynolds numbers. More specif-

ically, exponential solutions ¥(t, z) = exp(ot) exp(ki1z1 + kaz2) are asymptotically unstable
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as Re — oo only if k1 &~ +kg for closed cellular flows. This result is to be contrasted with
a similar stability result for shear flows, where exponential solutions are asymptotically
unstable as Re — oo if Cy < |k1]/|ko| € Co where C; = 1/Cy = 0.45 # 1. It can also be
shown that because of the presence of v/ = O(Re%%) for closed cellular flows, the stability
at high Reynolds numbers is significantly better for flows with closed streamlines. Cell-like
mesoscale ocean flows (which are at high Reynolds numers in the range of 10 — —103) are
close to closed celluar flows, and so the previous analysis may explain their persistance.

Notes by Ravi Srintvasan, Dani Zarnescu and Walter Pauls.
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Shallow Water Flow through a Contraction
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1 Introduction

Shallow water flows in channels are of interest in a variety of physical problems. These
include river flow through a canyon, river deltas, and canals. Under certain conditions we
can get large hydraulic jumps, or their moving counterparts bores, in the channel. There
are a number of places where these bores are generated in rivers around the world, including
the River Severn in England, and the Amazon in Brazil [6].

Figure 1: A surfer riding a tidal bore on the Amazon.

In this work, we will be concerned with the effect that geometry and flow rate have on
the formation and stability of hydraulic jumps. The general setup is inspired by Al-Tarazi
et al. [2] and Baines and Whitehead [4]. The motivations are to use the present study to
investigate shallow water flow and also as a tool for comparison with the granular media
flows studied in [2]. The idea being that this will lay a foundation for the study of mixed
media flows.
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The body of this report is divided into five sections. First we will present the one
dimensional inviscid hydraulic theory. Then we will compare the inviscid theory with the
experimental results. Next we will discuss some two dimensional and frictional effects.
Finally, we will discuss some areas for future research and make some concluding remarks.

2 Experimental setup

We conducted a series of experiments in a linear flume with a flat bottom and piecewise
linear cross section. Water flows through a sluice gate at the beginning of our channel,
pours out of the end into a large reservoir, and is recirculated using pumps. The setup is
shown in Figure 2.

Figure 2: The experiments were done in a linear plexiglass flume, where water was recircu-
lated using pumps in a large trash can, seen on the right, downstream of the contraction.

The flume had a 20 ¢m cross section, and was approximately 1.5 m in length. When all
three of the pumps were in operation, we could generate a volume flux up to 4 liters/sec. For
each experiment two plexiglass paddles, 30.5 ¢m long, are fixed at a given angle at the end of
the channel. The flow rate is set by turning on the desired number of pumps and restricting
the flow until the various flow states are observed. The flow rate is then measured using a
bucket and a stopwatch at the end of the channel. In order to increase the accuracy of our
flow measurement, the discharge was mecasured a minimum of five times and the mean of
thesc measurcments was taken as the flow rate. In each experiment the height of the fluid
is measured by placing a thin ruler in the fluid parallel to the flow velocity and visually
estimating the depth. Data was taken at a varicty of nozzle widths and flow speeds. A
schematic of the experimental setup is shown in Figure 3.
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Figure 3: A sketch of the tank is given. The tank is piecewise linear, with paddles at the
end to regulate the nozzle width.

3 One Dimensional Inviscid Flows

Here we will present the mathematical formulation of the problem of flow through a channel
with a contraction. We will derive the governing equations from conservations laws and use
these to give predictions for steady one dimensional (1-D) flows. Next, we will determine
the necessary flow conditions for moving shocks, as well as for stationary shocks. Finally,
we will derive a stability condition for steady shocks in a contraction.

3.1 Conservation Laws

Conservation of mass of a constant density fluid in a shallow channel can be written as

d [z o) rhizy) bz) rhley)
a%/ / / pdzdydzx =/ / p(u(zo,y,t) — u(xa,y,t))dzdy, (1)

where the z-axis is measured down the centerline of the channel, zg and z; are arbitrary
points on this axis, and ¢ is time. If we use the divergence theorem on the integral on the
right hand side, and take h and u to be independent of y this becomes

| /;1 [pb(x)h(z,t)], + [pb(z)h(z, t)u(z,t)], dz = 0. (2)

Since zp and x; are arbitrary we get that the argument of our integral must be equal zero
pointwise
(bh); + (bhu), = 0. (3)

Here u is the velocity, h the height of the free surface, b the width of the channel, and p the
density of the fluid. Partial derivatives are written in two ways as 9;(-) = (-); and so forth.
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For water, p, is taken constant, and we therefore have dropped the p dependence from (3).
We can also get a momentum equation using Newton’s second law of motion

4 pu(z,y,t)dV = / pu(z,y,t)? - ndA +/ Fdv + S -ndA, (4)
cs

dt Jev cv cs |
where dA and dV are infinitesimal area and volume clements. To make the notation simpler
we have omitted the bounds of our integrals, instcad writing C'V for an arbitrary control
volume, and C§ for the surface of that volume. If we make the assumption that the pressure
forces are hydrostatic, then the acceleration in the vertical direction is negligible, and the
body forces must balance the surface stress to give hydrostatic pressure p — pg = pg(h — )
(see, e.g., [9]), where g is the acceleration due to gravity. We can use Stokes’ theorem to
turn (4) into a volume integral, and after assuming again h = h(x,t),u = u(z,t) we obtain

(bhau), + (bhu?), + %gb(hg)z = 0. (5)

3.2 Smooth Hydraulic Flow

In this section, we are looking at flows which have rcached a steady state. This allows us
to simplify (3) and (5) into

(bhu), = 0 (6a)
(bhu?), + %gb(hQ)m = 0. (6b)

When the solutions are smooth we can expand the derivatives in (6b) to get
(%u2 +gh), = 0. (7)

Next, introduce the local Froude number, F' = u/y/gh. Eliminating u, from (6) yields

w2
—g—h(bh)m +bh, =0 (8)

or

(1= F2)bh, = F2hb,. (9)
Thus we see that if F' = 1 then b must be stationary, or in our case at a minimum. Note
that the converse is not true, when b, = 0 we have that F' = 1 or h, = 0 but not necessarily
both. We will define the flow to be subcritical when F' < 1 and supercritical when F > 1.
Equation (9) tells us that for smoothly contracting b(z), the suberitical fluid flow must have
a minimum in h at the nozzle. Similarly, supercritical flow must have a maximum at the
nozzle, sec Figure 4.

Next we will examine for what range of far field Froude numbers Fy = uo/+/gho and
contraction ratios B = b./by, we can have smooth solutions. Since the flow is smooth we

can follow the two constants of the flow

Q = bohouy = beheoue (10a)
E = /2 + gho = u2/2 + ghe. (10b)
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Subcritical Flow Supercritical Flow
|- Side view

< ~ 227 =

I- Top view

Figure 4: The shape of the free surface of supercritical and subcritical smooth flow through
a nozzle. Both the top view and a profile are shown in this figure.

If we non-dimensionalize, H = h./hy and B = b./by, then (10) is equivalent to the cubic
polynomial, p(H) = 0, with parameters B and Fp, where

1 1 4
P(H)=H3B? - (§F02 +1)B2H? + 5F02 =0. (11)
4.5 T T T T T T T T T
a4t 4
a5t Smooth Flows i
3 - -]
25+ -
|_|_c> No Smooth Flows
2F -
150 "
1+ i
05k i

Figure 5: The smooth solution boundary is plotted in the B/ Fy-plane, where B, is the
nondimensional contraction width, and Fj is the ratio of the flow speed to the characteristic
flow rate of the fluid. We note that B, = 1 corresponds to a blocked flow and B, = 1
corresponds to a straight channel.

The stationary points of this cubic are at H = 0 and H* = %(%FO2 + 1). Now since
physically meaningful roots exist only for H > 0, we can determine when there are positive
roots by evaluating P(H) at H = H*. When p(H*) <= 0 there are positive roots, and
when p(H*) > 0 there are no positive roots. Thus the point p(H*) = 0 determines the
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boundary between smooth and nonsmooth solutions in the B.Fy-plane. This is a standard
technique in hydraulic theory [7]. We obtain

3 FO 2/3 1 2 _
§<T32> - (1+5F) =0. (12)

Figure 5 illustrates how for a given geometry B, and incoming depth hg there is a maximum
speed at which a subcritical smooth flow can pass. It is also interesting to note that for
channels with expanding width B > 1 we can find a smooth flow regardless of the speed.
In the next section we will look at non-smooth flows.

3.3 Upstream Moving Bores

Here we will look for solutions with a discontinuity, or jump, at one point. We will allow
this jump to move upstrcam at speed s, where s is positive when moving to the left, as in

Figure 6.
ug U4 Uc ]
ho h1 hc
! bo bO bc

|- Side view

' ————————— x| Top view

7

Figure 6: Both the free surface profile and the planar view are shown. Here we have a shock
moving upstream with speed s. Conservation laws will be used to couple the fluid motion

between points xg, 7, and z..

As in Figure 6, we will pick a point upstream, xg, one between the jump and the nozzle,
z1, and the point of minimum width at the nozzle, z. We will label the width, height,
and velocity at these points with subscripts that match the respective points. The goal is
to find in which regions of the B.Fy-plane there exist shock solutions. We can couple the
flow at points 27 and x¢ using Bernoulli’s equation (13¢) and conservation of mass (13b) as
before. The flow at points 29 and x; can be coupled by conservation of mass in the frame
of the jump (13a) and a jump condition (13d) which we can derive from the conservative
form of the momentum equation. Consequently, we have four equations for five unknowns,
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so we impose the restriction that flow is critical (13e) at the nozzle, and obtain the system

(uo + S)hobo
u1h1b1

1,
P +ghy
(uo + s)*

2

Ue

= (u1 + S)h]bl (13&)
= uchcbe (13b)
= —;—ug—f-ghc (13c)
_ g, h

= 3 1+ ho) (13d)
= ghe. (13e)

Taking a critical condition at the nozzle is a common assumption in hydraulics. It is

equivalent to imposing the restriction that

there are no waves at infinity [5]. Now, we have a

system of five equations for five unknowns uy, uc, he, b1, s, with parameters ho, ug, by = bg, be.
Nondimensionalizing B = b./bo, Fo = uo/v/gho, Hi = h1/ho, S = s/+/gho, system (13)

simplifies to

1

5 (Fo+ (1- H1)S)?

(Fo + 5)2

_ 2/3
ng (FO t (33 Hl)S) ~- H} (14a)
1
—2—H1(1 + Hl) (14b)

Figure 7 shows the region of the B.Fy-plane where (14) has physically meaningful solutions.
This region was obtained by first fixing H; and then finding the solution curves for S and
then fixing S and finding the solution curves for H;. The boundaries correspond to smooth

flow Hy = 1 and steady shocks S = 0.
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Figure 7: The level sets of the shock speed (dotted lines) and height ratio (dashed lines)
are plotted. The solid linc is the smooth solution boundary. Notice there is a wedge where
there are both smooth and moving shock solutions.
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3.4 Hydraulic Jumps in the Contraction

Here we examine for which flow rates Fy and contraction widths B, there can be steady
shocks. Steady shocks in a contraction are solutions to

’u,()hobo = u1h1b1 = U2h2b1 = uchcbc (15&)
1 1
§ug +ghy = éuf + ght (15b)
1 1 '
§u§ +ghy = §u2 + ghe (15¢)
2 _ gha he
u = = 1+ hl) (15d)
u? = ghe. (15€)

These seven equations are mass and momentum balance between four locations plus the
critical condition. The four locations are the far upstream, hg,ug, by, the upstream limit
of the shock wi,hi, b1, the downstream limit ho,uo, b1, and the nozzle uc, he,be. If we
nondimensionalize as follows, H; = hy/hg, Hy = ho/hgy, B, = b./by, then we can reduce
(15) to

%H%— (%F3+1)H1+%H1H2+H12 =0 (16a)
3 R 1 1
2_ v _0 2/3 - 72 —
Hf = 5(5 ) Hy + HiHy + 1 Hi 0. (16b)

We will use (16) to find where in the FyB-plane we have steady shocks. A simple way to do
this is to consider what the boundaries of this region should be. If we have a shock we know
from the energy condition that H; < Hj [3]. Now if we look at where this upper bound on
H; is satisfied with equality H; = Hy, we can then reduce (16) to

3 ko

1
2 2(Bc

5 )% =0, )

Fe+1-
which is the boundary (12) of smooth solutions we already determined. This boundary
came from considering an upper bound on H;. The other boundary should then come from
a lower bound. Since we are working here with supercritical flow in a contracting region,
we expect H; to grow the farther we move into the contraction. Thus the other boundary
should be when the shock is at the mouth of the contraction, or when H; = 1. Substituting
this into equations (16a) and (16b) yields

54 16F + 6(?)2/3 —3,/14+8F2 - 6(?)2/3, /1+8F2 =0. (18)
c [

This is the limiting curve we found for moving shocks when the speed goes to zero. Thus
we have steady shocks in the contraction only in the wedge of Figure 7 where we had both
smooth solutions and upstream moving shocks.

Next we examine the stability of steady shocks. Consider a system with a steady shock
in the contraction region, with u; and hy the upstream limit of the velocity and height at
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Figure 8: Sketch of the unperturbed solution (solid curve) juxtaposed over the perturbed
shock (dashed curve).

the shock and wug, ho the downstream limit. Now we will assume a small perturbation which

generates a shock moving at a small speed s, see Figure 3.4.
Let us present equations which govern the perturbed flow. The perturbations are de-
noted with a superscript €. The perturbed flow balances mass and momentum over the

shock
(up +u§ +8)(h1 +hy)) = (ug+u$+ s)(ha + hS) (19)
(uy + u§ + 8)%(hy + hS) + %(h] +h)?2 = (ug +uS + s)(ha + hS) + g(hg + h$)2.(20)
Mass will be conserved upstream of the jump
(uy +uf)(b+0)(hy + 1Y) = Q. (21)

We will assume that the perturbation does not affect the far field momentum upstream FE;
or downstream FEjy, so the Bernoulli constants are unchanged

1 1
-2-(11,] +u§)?+glhy +h§) =B = Eu% + ghy (22)
1 1
5 (u2 + u$)? + g(ha + h$) = By = §u§ + gha. (23)

Now we assume that we have a small perturbation and small resulting shock speed. Lin-
carizing all these equations gives a lincar system of six unknowns and five equations

WShyb+ wphybt +wpbhS = 0 (24a)

uihy + shy + uihy — uSho — sho — ugh$ 0 (24b)

2hiuy (1§ + 8) + h§ud 4+ ghihS — 2hgus(us + s) — hSu3 — ghohs = 0 (24c¢)
wiuj+ghy = 0 (24d)

ugug + ghy = 0. (24e)

The goal is to reduce this to a single equation for the perturbed shock speed s in terms of
the change in channel width b, If b and s have opposite signs and we are in a contraction,
then the solution is stable, because the shock speed will force the shock back to its previous
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Figure 9: A sketch of the contraction region as viewed from above. The solid vertical lines
denote shocks. In a contracting region steady shocks are unstable, while in a dilation they
are stable.

position. If instead they have the same sign, then it is unstable, because the shock will
propagate away from its previous location, as shown in Figure 9.

After some algebra we obtain the relationship

(l1-3)
§=—2"PB° 25
Ty (25)

Here S = s/+/gh; and B¢ = b¢/by. We know that across a physical shock, hy > h; and
also that us < uy, so this gives that sign(S)=sign(B¢). Details of the above calculation are
found in an appendix to this work [1].

4 Results

Experiments were conducted over a variety of flow speeds and channel geometries. In each
experiment, the contraction width B, was set and then the flow rate Q was varied. The
inflow height was kept fixed for all experiments at hg = 1.3cm. The upstream channel
width was also a constant by = 20cm. For each flow rate we recorded the category of the
flow, either smooth flow, moving shock, steady shock, or oblique shock. These flow state
are depicted in Figure 10. For moving shocks the speed and height ratios across the shock
were measured. There is an experimental difficulty, in that we cannot measure the speed of
fast moving shocks. When measuring a flow, there is a time delay between when we initiate
the flow and when it reaches a steady state. In this experiment the time delay is on the
order of five seconds. Thus for flows with shock speeds larger than 15 cm/sec, the shock
will move to the end of our channel before we can properly measure the speed. The data
for the moving shocks where we could measure both the speed and the height are found in
Table 1.

In addition to measuring the speed of moving shocks, we also took measurements when
we had oblique shocks in the flow. Oblique shocks are a stationary phenomena in our flow,
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Figure 10: Shown are sketches of the four types of flow behavior. Each sketch shows a
profile of the flow and a planar view.

Bc:bc/b() F():UO/\/QITO Hy =h'1/hO SZS/\/%
0.6 3.19 3.54 0.15
0.6 3.55 3.77 0.08
0.7 2.31 2.54 0.11
0.7 2.40 2.85 0.19
0.7 2.49 2.69 0.05
0.7 2.80 3.08 0.08
0.7 2.98 3.23 0.02
0.8 2.10 2.31 0.08
0.81 2.20 2.62 0.09

0.875 2.07 2.23 0.06

Table 1: The experimental data for moving shocks are presented here. B, is the nondimen-
sional contraction ratio; Fpy the upstream Froude number; H; the nondimensional height
ratio across the shock; and S the nondimensional shock speed.
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so we do not have the difficulty of measuring speed as in the moving case. There is a new
difficulty. When oblique shocks are very weak, surface tension effects will become impor-
tant, and rather than a shock, we see capillary waves in our contraction region. A picture

of this phenomena is shown in Figure 11.

Figure 11: Weak shocks can be distorted by capillary waves.

Since we only want to measure oblique shocks, we need a criterion to determine when
we have an oblique shock and when we have capillary waves. The criteria used here is that
when there is a measurable height difference between the fluid upstream and downstream
of the front, we call it an oblique shock. When the mean fluid height is the same on both
side of the front we call it a capillary wave. The data from the oblique shocks we measured

are presented in Table 2.

Hy = hi/ho | Fo=uo/Vgho | 0c | 0
1.9 2.79 9.5 | 26.7
1.5 2.94 3.8 126.7
1.7 3.13 95| 27.1
1.5 3.32 3.8 1216
1.5 3.37 5.7 | 22.1
1.9 3.47 7.6 | 254
1.7 3.56 9.5 [ 20.1
1.8 3.65 7.6 | 25.2

Table 2: The experimentally measured flow variables for the oblique shocks are presented
here. H; is the nondimensionalized height ratio across the shock, Fy is the upstream Froude
number, 6. is the angle of the contraction, , is the angle of the shock, see also Figure 10.

109




We measured the flow rate and geometry for every experiment. The different flow types

are plotted in the B, Fy-plane in Figure 12.

3.5

3
25
o
L
2
1.5

0.5

0.1

0.3

0.4

Figure 12: Experiments plotted in the predicted inviscid state space. Here circles are oblique
shocks, diamonds are steady shocks, squares are moving shocks, pluses are smooth flows.
Representative error bars are plotted on a smooth flow and a moving flow at B, = 0.875.
The thick lines arc the numerically computed boundaries for the regions where an upstream
moving shock can be stopped via friction.
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5 Discussion

In this section we will compare the experimental results to mathematical theory. The models
used in this report assume no effects of surface tension or viscosity. The importance of
these effects are commonly measured using nondimensional numbers, Weber We for surface
tension and Reynolds Re for viscosity. Table 3 shows the range for these parameters in the
experiments considered.

Parameter Min | Max
Reynolds (Re =UL/v) | 1,300 | 20,100
Weber (We = pU%L/o) | 1.85 433
Froude (Fy = Up/v/gho) | 0.28 | 4.34
Contraction (B, = b./bp) | 0.6 | 0.875

Table 3: The nondimensional parameters are estimated for the main body of our flow. Here
We = 1413‘02 and Re = 3300F;. If we look at some local phenomena, for instance near weak
oblique shocks, we can have smaller Weber and Reynolds numbers.

If we look at Equation (14) we see that for a given upstream Froude number Fy and
nondimensional shock speed S, we can predict the height ratio across the shock. We can then
compare this prediction to the measured height ratios across the jump. This comparison is
shown in Figure 13.

5.1 Oblique Shocks

All the analysis at the beginning of this report considered only 1-D phenomena. Oblique
shocks are a two-dimensional (2-D) phenomena, so our model does not take them into
account. Following [2] and [8], we can derive a system of equations for the oblique shock
angle 8 and shock height h;. These equations will allow us to predict 6, and h; given the
upstream conditions hg, Fy and the angle of the contraction 6., as follows

hq tan 6,

ho tan(fs — 6.) (262)

. 1 hy
sinfg =4/ — — (1 +—). 26b
s \/2 FOQ hO ( hO) ( )

Using (26) we can plot our predicted oblique shock angles against the experimental ones.
This plot is shown in Figure 14.

In our experiments we saw oblique shocks that exit our channel before interacting with
another shock, and oblique shocks that intersect in the channel, see Figure 15. A similar
calculation was also done which can be used to predict the angles of intersecting oblique
shocks.
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Figure 13: The experimental height ratios are plotted against the inviscid predictions. The
dotted curve (diamonds) corresponds to the experimental measurements; the dashed curve
(triangles) to the inviscid predictions. The experimental measurements are systematically
lower than the predicted curve due to the effect of friction.

112



Oblique Shock Angles
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Figure 14: The observed oblique shock angles (diamonds, dotted curve) are plotted against
the calculated angles (triangles, dashed curve).

Figure 15: The left image is a single oblique shock in an asymmetric contraction, Fy =
3.56, B, = 0.75. The right image shows the intersection of two oblique shocks in a symmetric
contraction, Fy = 3.65, B, = 0.7.
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5.2 Turbulent Drag

If we examine Figure 12 we see that there are steady shocks outside of the region predicted
by the inviscid theory. To explain this, we must reexamine the assumptions of the original
model. The real fluid does have some viscosity, so we should take this into account. In the
hydraulic equations, viscous effects are usually added with a drag term. The most physical
drag term comes from a quadratic drag law [3]. Adding such a term changes the hydraulic
equations (6) to the system

wig + ghy = —Cqu’/h (27a)
(buh)e = O. (27b)

This system of ordinary differential equations (ODE’s) can now be solved using standard
numerical techniques. When we do not have smooth solutions we can find steady shocks
by using the inflow conditions at the sluice gate and critical condition at the nozzle as
boundary conditions to march the solutions together until they match with a shock.

FC:1
[
o
N *
) 150cm -7

Figure 16: A cartoon of the numerical method for finding steady shocks. We use an ODE
solver to find the smooth flow with a prescribed upstream Froude number Fy and the smooth
flow that meets the critical condition F, = 1. These two smooth flows are then matched

using the shock condition.

Depending on the Froude number Fy and geometry B., we may or may not be able to
have a steady shock of this type. If we solve this system throughout our state space we get
numerically computed boundaries for when we can have steady shocks with friction. These
boundaries are plotted in Figure 12. For our computations we have used Cy = 0.004 [4].

5.3 Multiple States

In our inviscid calculations, we predicted a region in the B Fp-plane where we can have
three different steady states: steady shocks, moving shocks, and supercritical smooth flows.
We have shown that the steady shocks in the contraction region are unstable, so we don’t
expect to see these. We also have observed that friction can stop slowly moving shocks, and
that supercritical smooth flows correspond to oblique shocks. Thus this region of multiple
states really corresponds to flow speeds where we can have upstream steady shocks, stopped
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via friction, and oblique shocks in the contraction region. These phenomena were observed
in the lab. Figure 12 shows both oblique shocks and steady shocks in the same region of
state space. We also observed that large perturbations of these flows can cause the flow
to change from one steady state to another. If we have a steady upstream shock, we can
physically push most of the water that is behind the shock out of the channel, and see a
steady oblique shock. If we have an oblique shock, we can block the flow for a small time
period, and the resulting flow will evolve into a steady upstream shock. Figure 17 shows
snapshots of the transition from oblique shocks to an upstream steady shock.

Figure 17: Shown are snapshots of the flow transition from oblique shocks to a steady
upstream shock. The time interval between each frame is 1 second. Here we have the
Froude number Fy = 2.8 and the contraction ratio B, = 0.7. A ruler is used to restrict the
flow for a small time period to induce this state change.

6 Conclusion and future work

We presented a mathematical and experimental investigation into shallow water flow through
a contraction. We began by making predictions using a simple 1-D inviscid theory. We saw
that for slow speeds this 1-D analysis performs well. For higher speeds boundary drag be-
comes important and we saw a departure from the 1-D inviscid predictions. The addition
of drag forces improved the performance of the 1-D theory. To predict oblique shocks, a
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fundamentally 2-D feature, we had to use the 2-D shallow water equations.

We also set out to investigate the existence and stability of steady shocks. We presented
a perturbation method for finding when steady shocks in the contraction are stable. Ex-
perimentally we observed that shocks which are stopped via friction are stable. If we look
at how the shock speed depends on flow rate, see Figure 7, we see that there is a heuristic
stability result which agrees with our predictions and observations. When the flow rate is
increased, shocks move slower, and when the flow rate is decreased shocks move faster. If
we apply this knowledge to a steady shock, we see that in accelerating flows, steady shocks
will be unstable. If we displace a steady shock upstream in an accelerating flow it will
have a faster speed, and will move upstream. Also downstream displacements will generate
slower speeds, and the shocks will move downstream. A similar argument shows that in
decelerating flows steady shocks are stable. This argument is incomplete however, in that
it does not deal with flows where the velocity is not monotone. This is precisely the case of
a steady shock in a contraction, so here we used the perturbation method of [4].

There are a variety of avenues for future research illuminated by the experiments and
analysis presented here. First, we have observed that supercritical flows that are 1-D smooth
have additional 2-D shock structure which is not accounted for with 1-D theory. In the ap-
pendices of this report [1] we have predictions for some of these 2-D structures. We also
observed a structure like a Mach stem near the intersection of two oblique shocks. This
structure has not been accounted for in the work presented in this report. Another avenue
for future research is to use this work in conjunction with (2] as a base for investigating shal-
low flow of composite media, i.e. water carrying sediment. Also this report does not include
analysis of the time dependent problem. Here we could investigate the relationship between
initial data and steady state in the region of multiple steady states. Future work is currently
being done to compare 2-D simulations with experimental results. A few experiments have
been done on Mach stems and adding polystyrene beads to simulate granular media. For up-
dates on the current state of the work, see http://www.math.wisc.edu/~akers/contraction.
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Figure 18: Here are snapshots of an experiment where polystyrene beads are impulsively
dumped into a flow that exhibits three states: upstream shocks, Mach stems, and oblique
shocks. The flow begins in the state of oblique shocks, with Fy = 3.08, B, = 0.7. Beads are
dumped into the flow, and the resulting flow is an upstream shock.
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Bounds on Multiscale Mixing Efficiencies

Tiffany A. Shaw
July 18, 2006

1 Introduction

We are motivated by the following problem: given the heat sources and sinks on the Earth and
a stirring field with certain statistical properties what are the maximum and minimum possible
degrees of temperature variance that must be present? The flow in the Earth’s atmosphere is an
example of a stirring field which acts to redistribute heat. Here we are interested in the optimal
solution to this redistribution problem. We expect any stirring would suppress fluctuations
in the temperature field and lead to a more uniform distribution, but what kind of stirring
minimizes the variance? Can we, given some bulk statistical properties of the stirring field,
derive bounds on the variance? What are the characteristics of a good stirring field and how do
they depend on the source distribution? Can we define and estimate the eddy diffusivity and
mixing efficiency of a stirrer on different length scales? Here we work toward answering these
questions by computing rigorous bounds on multiscale mixing efficiencies.

Bounds on mixing have important implications in both physics and engineering. Thiffeault,
Doering, and Gibbon [5], hereafter TDG, have shown how techniques used to bound bulk dissi-
pation quantities in the Navier-Stokes equation [2] can be applied to the advection-diffusion of a
passive scalar maintained by a steady source. They derived rigorous bounds on the scalar vari-
ance and defined an equivalent diffusivity, the diffusivity required to produce the same amount of
mixing in the absence of stirring. Plasting and Young [4], hereafter PY, enhanced that analysis
by including the variance dissipation as a constraint.

Here we construct bounds on the multiscale mixing efficiency of a sitrring field for a passive
scalar maintained by a time independent but spatially inhomogeneous source. We focus on
the mixing cfficiency of a stirring field on diffcrent scales by considering the fluctuations of the
variance, gradient variance, and inverse gradient variance. Comparing the three measures (the
variance, gradient variance, and inverse gradient variance) gives a range of information about
the stirring properties of a flow. It has been recognized that LP norms of the passive scalar
fail to quantify the stirring efficiency of a mixing process because they are insensitive to small
scale structures [1]. We gauge the effectiveness of a stirring field based on its ability to suppress
variance relative to the variance in the absence of stirring. On all scales, a smaller variance
implies the velocity field is a better stirrer. Thus, a velocity field that gives a larger mixing
efficiency than another will be considered more efficient with respect to a particular measure.

Our approach for bounding the multiscale mixing efficiencies follows that of TDG. The
bounds are derived in section 3. In section 4 we show that the bounds for a monochromatic source
on the torus can be saturated. In an effort to distinguish the three measures more convincingly,
in section 5 we investigate the efficiency of a steady shearing flow for a monochromatic source
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using boundary layer asymptotics. Finally, in section 6, we find bounds on the multiscale mixing
efficiencies for a decaying passive scalar maintained by a spatially inhomogeneous source.

2 Advection-diffusion in a space of d-dimensions

The advection-diffusion equation of a passive scalar with a body source s(x) in a d-dimensional
domain (d = 2, 3, ...) is:
00

b;—i—u VG—-NA9+5( ) (2.1)

where s(x) is a source with spatial mean zero without loss of generality and x is the molecular
diffusivity. Since the body source has spatial mean zero the passive scalar will also have zero
spatial mean. The velocity field here is a given steady or time-dependent L? divergence-free
vector field. The velocity field could be a solution of the Navier-Stokes equation or a speci-
fied stochastic process. We will focus on a particular class of stirring fields that are steady,
statistically homogeneous, and isotropic with single point statistical properties characteristic of
Homogeneous Isotropic Turbulence (HIT):

S - p?
ui(x,)) =0,  wix, )u;(x,) = 751']' ' (2.2)

and

8Uj(X, ) i an(X, ) 8“’] (X, ) _ F_2
Oz 0, oz, o, d 0 (2:3)

ui(x7 )

where where U? := (|u|?) is the kinetic energy density, A = U/T is the so-called Taylor microscale
for HIT, and the overbar denotes the steady average defined below. Let us define the advection-
diffusion operator and its formal adjoint:

L=8+u-V—krA, Ll:=-8-—u-V-&kA. (2.4)

We also define the steady average (assuming it exists),

t

Eal BEET 1 N
F(x) := th—po]o 7 ), F(x,t)dt, (2.5)
and the space time average,
L [\

From here on our domain will be a periodic box of size L, i.e. 2 € T¢, the d-dimensional torus.
The Fourier decomposition of the spatially dependent variables are written conventionally as

t) = Zeik'xﬁ’(k) where F(k) = flﬁ /er e X p(x, 1) d¥% (2.7)

and k = (27/L)n for n = (n1, ...,ng). The L? norms of derivatives of the passive scalar will be
denoted, for example,

(|VP0)?) Zma )2 (2.8)
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The conventional non-dimensional number measuring the relative importance of advection to
diffusion is the Péclet number
UL
—

Pe : (2.9)

A standard measure of the well-mixedness of a scalar field is its variance (presuming spatial
mean zero) [1]. Weighting the variances at different length scales introduces a family of variances
that are sensitive to mixing on different scales. The variances {|VP8|?) for p = 1,0, —1 measure
mixing on small, intermediate, and large scales respectively. To gauge the effect of stirring, the
variances are compared with variances in the absence of stirring (|VP8|?) = k=2(|VPA~1s|?)

forp=1,0,-1.
We define a non-dimensional mizing efficiency for each scale p
([ VP80]?)
My = ——== fi =1,0,-1 2.10
p <lvpelg> or p ( )

which increases as stirring increases. The mixing efficiency has the advantage of depending only
on the structure of the stirring and source and not on their scales.

The equivalent diffusivity is the equivalent amount of diffusivity required to achieve the
same degree of mixing in the absence of stirring (i.e. a corresponding diffusivity for the diffusion
equation) and is defined as

(Vo)1

Reqp ‘= K <|v1’0|2>]/2 . (211)

Equivalent diffusivity should not be confused with effective diffusivity defined in homogenization
theory. The effective diffusivity is defined in terms of large-scale transport, i.e. in the presence
of large scale gradients of the concentration (G. Papanicolaou lectures) [6]. The equivalent
diffusivity is specific to the source and stirring. Lower bounds on the variances provide upper
bounds on the mixing efficiencies. These bounds depend on details of the source and stirring as

shown in the next section.

3 Bounds on the multiscale mixing efficiencies
Following the method developed by TDG we derive bounds on the multiscale mixing efficiencies.

3.1 Bounds on variance

Multiplying (1) by a smooth, time independent, spatially periodic projector function ¢(x),
taking the space-time average and integrating by parts we obtain

B(u-V+ D)) = —(ps). (3.1)
A lower bound on the variance is achieved via the variational principle
(6%) > maxmin {(62) | (B(u- Vo + kAp)) = —(ps)}. (3.2)
¥ 8

We note that TDG derived bounds on the mixing efficiency without optimizing over ¢. The
optimization over 8 is equivalent to applying the Cauchy-Schwarz inequality
2 2
S s

#2) > max =
) 2 T+ rA0)D ~ oLlie)
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Maximizing over ¢ is equivalent to minimizing the denominator over ¢. We constrain ¢ to have
a unit projection onto the source. The corresponding variational problem is:

1

7 <o tin {{pLLTg) | (ips) = 1}. | (34)

Thus we must minimize the functional F := <%¢E¢ — pulps — 1)>, whose Euler-Lagrange
equation is ,

§F  —
% =LLlp—ps=0 . (3.5)

where p is a Lagrange multiplier to enforce the constraint. The minimizer is (after some algebra)

- (3440088) (3.6) _
where Mg := (LLT)1 and
(sMos) = (s{k2A%2 — V - (W) + k(2VEa : VV + Au - V)} 7 ls). (3.7)
Thus we obtain the lower bound
(6%) > (sMos) (3.8)

which depends only on the mean and quadratic correlations of the stirring field. For flows
satisfying HIT this simplifies to the quadratic form

(sMos) = (s{k2A% — (U?/d)A}1s). (3.9)

This lower bound on the variance depends on the source function and on the stlrrlng In
Fourier space it is expressed as

5(k)|?
<92> 2 ; m‘l_:(ﬁ)lkm (3.10)

An upper bound on the variance may be obtained from simple application of the Cauchy-
Schwarz and Poincaré inequalities to the bulk variance dissipation constraint:

12 —1412
2y o L7 (V™ s[%)
0%) < PR (3.11)
The variance in the absence of stirring is
1 _ .
(03) = = ((A7"s)") (3.12)
K

and thus we obtain bounds on the mixing efficiency from bounds on the variance
472 (|A15)?) 13(k)|” -
— 2 < M, . .
7 (v <M S (2T o > W PR B /d (3.13)
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One might expect the variance efficiency to have a lower bound of 1, implying that stirring
always decrecases the variance. We can search for a sharper lower bound by actually optimizing
the variance subject to the variance dissipation constraint

6% > méin {(6%) | k(]VE]?) = (s6)}. (3.14)

That is, we can seek the minimum possible variance subject only to the entropy production
balance. The solution of the optimization problem in Fourier space is

- 1 §(k)
(k)= -——— 3.15
(k) 2 kk? + X (3.15)
where A = —1/2p and g is the Lagrange multiplier. Enforcing the constraint,

~ " 2
ngmw(k)p _ ¥G(k)§*(k) = K}; (ik FyE Z Km + X (3.16)

where * denotes the complex conjugate.
In the case of a monochromatic source this simplifics to

k? 1 9 9 Kk?
H(Hk2+)\)2 :2f<,k2-+-)\ = kk“=2(kk"4+)X) = A= — 5 (3.17)
and hence
R $ .
6(k) = 2 = (k) (3.18)

which implies My > 1.
In the case of a dichromatic source (k; with amplitude s7, ko with amplitude s3), the con-

straint requires one to solve a cubic equation for &€ = \/k;

(1+ )€ + ;(1 +af+4B+4a)E + (B+aB+ B+ o) + 5 (ﬁQ +a8)=0 (3.19)
where o = ¢1/co, 8 = juy/p2, ¢1 = s%, co = s%./ H = nA 1, and po = /@k%. Then the mixing
efficiency is

o2 _ 40+ 5

ol - (3.20)
60 rez t e

The efficiency goes to 1 in the monochromatic limit @ — 0 (£ — —1/2) as expected. But the
minimum value the efficiency bound is less than 1 for V £ implying that the variance dissipation
constraint is not sufficient to guarantec that there are no stirring flows that could possibly
increase the scalar variance. So this analysis does not rule out the existence of ineffective

stirring fields.

3.1.1 Delta function source

Hcere we consider a é-function point source (measure valued) with Fourier coefficients [§(k)| = 1
as |k| — oco. We note this includes white noisc sources. As we are interested in the high-Pe
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limit we approximate the sums in (3.16) by integrals. The asymptotic form of the upper bound

18

-1
00 1.d-1 [ee} d—141.

M S / L / SLAEN (3.21)
2n/L k 27 /L k4 + dek2

Letting £ = kL : 2m — oo we obtain

* asgae) ([ &7\
w5 (o) (| eirmma) e

For d = 2 the integrals become

* 3 1
PdE = —
o §d 8m2’

o0 &d¢ log Pe
/27r ¢ 1 Pe2e2/2 " " Pé? (3.23)

resulting in the asymptotic bound

Pe
My < . 3.24
0 vlog Pe (3:24)
In d=3
*° 1 &0 d¢ 1
-2
d —_ ~N — .2

[ e | errorn (325)

resulting in the asymptotic bound
My < VPe. (3.26)

An efficiency scaling of Pe leads to an eddy diffusivity proportional to UL from (3.2). For d = 3
there is a dramatic modification to the scaling that implies the eddy diffusivity is proportional

to /K.
3.2 Bounds on the gradient variance
Beginning with the first step in the TDG procedure
(B(u-V + kA)p) = —(ps) (3.27)
we integrate by parts and apply the Cauchy-Schwarz inequality to obtain
(105)? = ((up + V) - VO)? < (lup + £V|*) (| VO[). (3.28)

The sharpness of this bound is discussed at the end of this section. Continuing as usual, we
construct a variational principle to obtain a lower bound on the gradient variance

(ips)?
(Ive?) > S i st (3.29)

Thus we minimize the denominator subject to the constraint of ¢ having a unit projection on
the source. Under the homogeneity and isotropy assumptions of HIT the variational problem
becomes one of evaluating

min {(k[Vipl* + U%¢?) | {ps) = 1}. (3.30)
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We want to minimize the functional F := <%(m|V<p[2 + U%p?) — (s — 1)). The solution of the
optimization problem is (after some algebra)

(IVO|*) = (sMs) (3.31)

where M; = (—k2A + U%)7L.
A sharp lower bound on the gradient variance is easily proven. Upon taking the inner product
of 8 with the advection-diffusion equation we obtain the variance dissipation constraint

w([VO?) = (s8). (3.32)

Inserting V™!V = 1 on the right hand side, integrating by parts and applying the Cauchy-
Schwarz inequality, we deduce

K2(IVO1Y) < (IV71s]?) = k2(|V6o|?) = M;>1. (3.33)

Hence stirring always reduces the gradient variance which was not proven for the variance

(previous section).
Given the upper and lower bounds on the gradient variance we can bound the small scale

mixing efficiency according to

1 (Iv'sP?)

VIR (3.34)

1< ME<

In Fourier space this is

R 2 g 2 -1
1< M?< (; | (:2)' ) <¥ %%) . (3.35)

These bounds only make sense when the sums on the right hand side converge.
Note that if £ — 0 and if s(x) € L? then

A(k)|2)_l — <|v_15|2> U? _ UQEE (336)

U? 5(k)|?
- G (9 (3 o
k

- (s2) K2 = K2

where £; = ([V™15|2)1/2/(s2)1/2. So if s € L? then M; < Peg, but if s ¢ L? then My = 1 i.e.
there is only suppression of gradient variance if U(|V™1s|2)1/2/k(s?)1/2 > 1.

Here we re-examine our application of the Cauchy-Schwarz inequality which was the first step
when deriving an upper bound on the gradient variance. In fact the analysis can be improved a
bit. We expect the bound to involve only the curl-free part of the field up + V. This can be
seen by first evaluating

min {(|V6]%) | (vs) = ((up + xVyp) - V6)} (3.37)
é
with functional F := (%|V€~|2 + MV - V8 — ps)) where v = up + kVyp. The solution to the
variational problem is (after some algebra):

(ips)* (ps)?
(V-2 TV v} = (VP)' (3.38)

(Vo) =
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The inequality follows immediately from examining the Fourier representation of the denomina-
tor. Note that we can decompose v as follows

v=v-VA'V.v+VATIV.v. (3.39)

divergence — free curl — free

The denominator above is

(V-v(=AT)V V) = ([AATHV - V)(=AT)(V - V))
= (V(A™H(V-v)- V(ATH(V - V)
= ([VATIV - v]%). (3.40)
From this it is clear that the explicit optimization over 6 yields a sharper bound by picking out
the component of v which is curl-free.

Interestingly, this new bound depends on the two point correlation and involves a non-local
integral operator i.e. for d = 2

(VAT = 7 [ ax [ ays v)6x - 3)V, V) (3.41)

where G(x —y) is the Green’s function of —A. After integrating by parts

- 1 —
(V- V)(-A"HV -v) = ﬁ/dx/dy(—VVG):vv (3.42)
where under the homogeneity assumption,

W = p(x)p(y)ux)uly) + £*Ve(x)Ve(y). (3.43)

It is the first term that prevents the expression from collapsing to |v|? (the second term
becomes k?(Ayp)? after integrating by parts). The first term depends on the two-point correlation
of the velocity field. Under the assumptions of HIT, the velocity field has single-point statistical
properties and hence the first term collapses to U2%p?/d which implies that for HIT a strict
application of Cauchy-Schwarz (without minimizing over é) yields a sharp bound. In turbulence
theory, the two-point correlation for Homogeneous Isotropic Turbulence is written as

ui(x, Ju;(y, ) = dijg(lx — y|) + (24 !ih)_(ﬁz 4) (f—9)- (3.44)
Incompressibility implies that g(r) = f(r) + 7f'(r)/(d — 1). This new bound introduces de-
pendence on the two-point correlation property of the velocity field. The implication of such
two-point statistical properties on the scaling of the bound will be the subject of future inves-
tigation. We note that the Cauchy-Schwarz bound cannot be improved for both the variance,
because it is a scalar field, and the inverse gradient variance (next section) because it manifestly
involves a curl-free field. We will revisit the implications of the two-point statistical properties
when we examine the bounds including scalar decay (section 6).

3.2.1 Delta function source

It is clear that a §-function or white noise source (|5(k)| ~ 1) will cause the sums in (3.37) to
diverge in both d = 2 and 3. Thus, in the case of é-like sources or sinks the mixing efficiency
bound is sharp and equal to 1.
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3.3 Bounds on the inverse gradient variance
Beginning again with the first step of the TDG procedure
(ps) = —((u- Vo + kAp)o)
= (V(u-Ve+ kAyp) - VATIH)
< (V(u- Vo + rlp) ) 2{V07)2. (3.45)

Continuing as usual, we construct a variational principle to obtain a lower bound on the inverse
gradient variance

- (ips)*
(v=1g% > max V(a Vo1 gl (3.46)

Thus we minimize the denominator subject to the constraint of ¢ having a unit projection on

the source, i.e. we evaluate

n}gn {{(Vu) - Vo +u-VVyp + kVAp|?) | (ps) = 1}. (3.47)

The assumptions of HIT simplify the problem:

[(Vu) - Vo +u - VVp + kVAp* = (V) -Ta - (V) + Ve - [(Vu) (Vu)] - Vo + £*| AV
= £°|AVe|]? + (T?/d)|Vel? + (U /d) (Ap)?. (3.48)

Thus the variational problem reduces to evaluating

min {(<*|VA@I® + (C?/d)[Vel + (U*/d)(A¢)) | (ps) =1} . (3.49)

The solution of the variational problem is (after some algebra)
(IV710%) = (sM_ys) (3.50)

M_q = (k2A% — (T?/d)A + (U?/d)A%)~1. A lower bound on the inverse gradient variance is
obtained from simple application of the Cauchy-Schwarz and Poincaré inequalities to the bulk

variance dissipation constraint:

LR

< — 2y, 3.51
< = (I0s?) (3:51)

(V="01%)
Because it uses the Poincaré inequality the lower bound is only sharp if the source is monochro-

matic at the lowest wavenumber, 27 /L.
Given the upper and lower bound on the inverse gradient variance and the value in the
absence of stirring, ([V™'A~1s|?), we obtain bounds on the mixing efficiency on large scales

25678 (V1A 1s)2)
LY ([Vs]?)

(v alsP)

v (3.52)

<M_; <

In Fourier space,

2567 |5(k)|? . - 3(k)|? 15(k)|? -
75 <§k: x; ) <Z k?ls(k)l?> <M< <Z; G > <Z W B d%m) (3.53)
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For a monochromatic source the upper bound is

U? I? U? r? Pe? 1
M2 <14 —s =1+ (1+ )ZH“E‘(”,\%?) (3.54)

dr?k? dm2k4 dr?k? U2k? d
where we define Pe = U/kk. Note that the efficiency depends on the shear in the flow directly
through I". Interestingly, I' allows for an increase in the mixing efficiency on large scales via
stirring on small scales (coupling the different scales). We investigate this potential effect for a
steady shearing wind in section 5.

3.3.1 Delta function source

Consider a d-function source (measure valued). Suppose x — 0 while U? and I'? are fixed then
the asymptotic form of the upper bound is

00 kd—ldk o kd_ldk -1
M%< / — / % : (3.55)
o/l K 2r/L k8 + 2 ks + k2 -
Letting £ = kL/2n : 1 — oo we obtain
i) [ [* ¢34 o
Moy < ( [ e d&) / (3.56)
1 1 & gt + e
In d=2, letting n = £2
oe] _ 1 o0 é—ldé- 1 o] d?’]
5
dé == = - _ 57
/1 SE= /1 g+ B2 g Lo Pe 2/1 n(n2+an+ B)’ (3:57)
where a = Pe?/d and § = L?Pe?/)\?d. In the hmlt Pe — 00
00 -1 [ore]
£ d§ _1 / dn
/1 g BEe2 LDPE 2 )y nlen+f) (3.58)
After some algebra we find
' 0 -1
£ d¢ 1 ( B )
2 —In(l+-— 3.59
/1 gl L 20 a (359)
note that B/a = L?/)?. The efficiency bound becomes (as Pe — 00)
1 L? 1
M21N§——P2>\ ——— (3.60)
In (1+2) “In (1+ %)
Interestingly, the prefactor can be larger for smaller scale flow.
Ind=3
e 1 o0 d¢ &0 d¢
£4de = -, / ——>/ —_—— 3.61
/1 4 g EEe gy (BePE  pPe(2+ L) (361
after a change of variables 7 = %é % — 00
o0 d¢ 1A /°° dn 1A (7r )\>
o ——— = —— | — —arctan — 3.62
/1 g4 Ble2 4 (B2l Pel Ja 7*+1  Pel \2 L (3.62)
hence
M2 S EPJ%. (3.63)
A (5 — arctan 'IZ)
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4 Saturating the multiscale mixing efficiency bounds

The HIT bounds on the multiscale mixing efficiencics derived in the previous section simplify in
the case of a monochromatic source

My < \/1+ Pe?/k2, (4.1a)
My < /1 + Pe?/k2d, (4.1b)

M_1 < \/1+ Pe?/k2d + L2Pe?/\2k3d (4.1c)

where we have rescaled [0, L]? to [0,1]¢ so that kg is a multiple of 2r. We note that each
efficiency scales as Pe which corresponds to replacing the molecular diffusivity by an eddy
diffusivity proportional to UL. An anomalous scaling results if the efficiencies are not linear
in Pe. Figure 2 from TDG showed the mixing efficiency My versus Péclet number from direct
numerical simulations (DNS) of the advection-diffusion equation for a monochromatic source
sinkgz and the Zeldovich sine flow [3]. TDG discussed the possibility of saturating the upper
bound for the sin kgz source; however it was clear from the DNS calculations that the sine flow
was not the optimal stirrer and no other stirring field was put forth.

Here we show that the TDG upper bound on the variance for s(x) = sin ksz; and x € T¢
ie., x € [0,L]% is saturated by the swecping flow suggested by W. R. Young. Consider the
steady advection- d]f'fllqion equation with source s(x) = /2S5 sin ksx; and uniform stirring field

u(x) = (U/Vd) 5oy in:

%0
\/_2:81,7 " 82

n=1

+ V28 sin(kezy ). (4.2)

We sweep on an angle for a long time (to kill the transients) and then switch the sweeping by
an appropriate angle (repeating appropriately) as to satisfy the HIT assumptions.
Letting 8(x) = ZZ:] Fn(zn), we end up with a system of constant coeflicient ODEs

d’F U | V28
de?  dk dml K
d’F, U dFR,
dz3 Vdr day

with periodic boundary conditions F,,(0) = F,,(L) whose solution is

—— sin(ksz1) =0 (4.3a)

=0 for 2<n<d (4.3b)

V2512 { UL J

F = - ksin(kexy) — ——=— cos(ksx 4.4a

: (4m2k2 4+ Y2 12) (hst1) 2Vdn (st1) (4.42)

F,=0 for 2<n <d. (4.4b)

The variance is
5214 U?L?
2y _ 2
(0°) = ity 1y {h + 4ﬂ2d] (4.5)

and since (62) = S?2L%/167%x2 the mixing efficiency is
0] o 2

/ U2L? Pe?
My = 1+ — 4.
0 47’2dh + 472d (4.6)
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which is the bound derived by TDG. Given the steady solution we can compute the other two
mixing efficiencies. After some straight-forward algebra we find :
Pe?

Mi=M_1=14/14+4 — 72 = M. (4.7)

Interestingly, Mo and M_; are precisely saturated but M is off by a d factor. Since the unlform
flow lacks shear the large scale mixing efficiency, M_j, is identical to the others.

The result is fairly intuitive: to reduce the variance (on any length scale) one should simply
blow the source onto the sink and vice versa — if one can do this simply. We note that this type
of sweeping flow is somewhat pathological in the sense that it simply transports the source onto
the sink which can be done simply on the torus. There is no dependence on diffusion. However,
such sweeping flows are not allowed on the sphere or in bounded domains. Furthermore, the
sweeping flow is not optimal for non-1D sources. This makes it clear that the optimal stirrer is
a function of both the source shape and the domain. Formulating the optimization problem for
the optimal stirring field is a subject of current and future investigation. It is a nasty non-linear .
problem.

To emphasize the relationship between the source and the stirring field which saturates the
bound we perform an analogous calculation to the previous one (for d = 2, 3) however we impose
a é-function source distribution. Taking the Fourier transform of the steady advection-diffusion
equation with s = §(x) we obtain

a0 — 5~ 800 | |
zk: Olk) = zk: Kk + Ukg (48)

where kg is the dth component of the horizontal wavenumber. Approximating the integrals by
sums (we are only interested in the asymptotic behaviour)

o012 2m oo k2p+1dk
d=2:  ([VP]) = /0 d¢ o R DR 6o (4.9a)
f2m ™ 00 2(p+1)
K20+ g
= M P 2 = 1 . ‘ .
d=3: (|VP8]2) /0 d¢/0 sin 6d6 o T TR o0 (4.90)

The variances in the absence of stirring are found by calculating the above integrals with U = 0.
Straight-forward evaluation of the integrals yields

d=2: My =1, Mo~ \/Pe’ M_1N3\/Pe
4r 8w

VPe 1 v 2VPe
V21 \/log(Pe/2)’ - V3r

The anomalous scaling in Pe suggests that the uniform flow is far from the optimal allowed by
the bound for the é-function source in both d = 2 and 3. This emphasizes the source-dependent
nature of the optimal stirrer.

Given that the the optimal HIT stirrer for s = sin k;x was at an angle, the calculations from
TDG were repeated for a tilted source and the Zeldovich sine flow to see if we could get closer
to the bound. Tilting the source is equivalent to tilting the stirring. Figure 1 shows the results
of the DNS calculation for p = 1,0, —1. The plot of My includes the PY bound. What is clear
from this figure is that for a non-optimal flow the three bounds scale differently in Pe. In the
next section we investigate the bounds for a simple steady shear flow in an effort to understand
the scaling in Pe as well as to explore the dependence of M_; on the Taylor microscale.

(4.10)

d=3: My=1, My~ (4.11)
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Figure 1: From left to right, mixing efficiencies M, p = 1,0, —1 for the Zeldovich sine flow with
source sin k(x + y). The solid lines are the respective upper bounds from section 3. The dotted
line is the PY variance bound and the dashed lines are the result of direct numerical simulations

with U fixed.

5 Steady Shear Flows

From the previous section it is clear that the most efficient stirring for monochromatic sources
on the torus is the sweeping flow. Here we investigate the effect of shear on the mixing efficiency
on different scales to understand the scaling behaviour at large Pe (i.e. the scaling when we do
not saturate the bound). The results would directly apply to HIT stirring analogous to blowing
for a very long time (the sine flow having a long period). From the analysis of section 3 we
would expect to see a large difference between the three norms for such sheared stirring. We
treat the simplest problem by considering the long time behaviour of a passive tracer goverened
by the advection-diffusion equation

u-Vl = kA + s(x) (5.1)

with a stirring field u = /2U sin kyyi and source s(x) = V28 sinkgx (V2 for normalization).
Here the domain is the 2-dimensional torus z € T2. The non-dimensional number governing the
amount of shear is r = k, /ks. We arc particularily interested in the limits Pe > 1 with r fixed

and 7 > 1 with Pe fixed. The solution takes the form
6(x) = (y) sin(ksz) + g(y) cos(ksz) (5.2)

which results in a system of ODEs:

2
~V2Ukgsin(kyy)g(y) = & [—k? + ;y_Q] fly) + V28 (5.3a)
2
V2U kg sin(kyy) f(y) = & [—kf + %2—] 9(y). (5.3b)

The stirring ficld is an odd function of y and hence from (5.4a) we deduce that g(y) is also
odd in y and hence that f(y) is even in y. This can also be seen by integrating (5.4a) over a
period. Since the functions f(y) and ¢g(y) are periodic we consider the domain y € [0,1/2] where
[ = 2n/p. We infer boundary conditions given the even-oddness of the functions f and g:

9(0) = g(1/2) = 0, '(0) = /'(1/2) = 0. (5.4)
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Upon setting § = kgy, f = fUks/S, § = gUks/S, r = ky/ks, and Pe = v/2U/xkk, we obtain the
non-dimensional ODEs

2 . .
731; [—1 + dd—gﬁ] F@) +1= —sin(r§)9(5) (5.50)
1 27 .. NN
o |71+ 5] 00) = s @ (5.5b)

The next sections outline the boundary layer analysis (since the solution is slowly varying exbept
in isolated boundary layers) and regular perturbation theory which were used to investigate the
limits mentioned above.

5.1 Boundary layer solution

This is the limit Pe > 1 and r fixed. Proceeding as usual, we construct an inner and outer
solution. The outer solution is obtained by expanding in powers of Pe~!:

o0 o0
fout = ZPe~nfn, gout = Z'Pe_ngn- (5‘6)
n=0 n=0
Thus, in the outer region the solution is approximated to leading order by
. 1
=0 Jout = ——+—- 5.7
fout ] Gout Sin (k;uy) ( )

The boundary layer scaling was determined from a dominant balance argument. The left hand
side of (5.6a) is O(1), V € thus we choose ¢ = Pe~'/3 and rescale y: 7 = {§/e to achieve a
self-consistent scaling of the leading order terms. Expanding in € according to

X ) X o
fin = Z fnfm Jin = Z fngn (5-8)

n=-1 n=-—1

(note that the leading term is O(1/¢)) yields at order O(1/e):

d*f_i . d?9_,
dT]2 + rng—-1 +1= 0, d—n?

—rng—1 =0. (5.9)

Letting & = /3, F = r?/3f_,, and G = r¥3{_; this simplifies the system of ODEs to
F'+¢G+1=0, G —-¢F=0. (5.10)
with boundary conditions
F'(0)=0, G(0)=0. (5.11)

The other boundary conditions come from the requirement of matching to the outer solution:
F(&) — 0and G(&) — —1/€ as & — oo.

We note that this system of ODEs can be cast into the Airy equation with a complex
argument ¢(z) = F + iG but we resorted instead to shooting to get the solution numerically.
The solution was obtained by shooting backward (which was the more stable direction) from
the & — oo solution whose asymptotic behavior may be deduced from (5.10)

1
Fr-24P gn lio (5.12)
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Figure 2: Comparison of the direct numerical solution (solid) and the boundary layer solution
(dashed) for Pe = 1000.

where o and 8 were adjusted numerically to obtain a solution which satisfied the boundary
conditions at £ = 0. Before calculating higher order terms, we compared the boundary layer
solution against the solution from a direct numerical simulation of the advection-diffusion equa-
tion. Figure 2 shows a plot of the two solutions for Pe = 1000. The agreement suggests that
leading terms do indeed capture the asymptotic behaviour. The inner solution is thus well
described by

—2/3 r—2/3

F(&), gm= G(8). (5.13)

.fin =

The final approximate solution to the coupled ODEs to leading order is the composite of the
inner and outer solutions (recovering all the scalings and letting § = €/r1/3k)

€

, S . S p2/3 /3, S 1 Y
1) = g fn = G F( =) =5t (%) (5.14a)
S o S 23 r1/3ks kywy
g(y) = l—]-k:kuy Gin Gout = Uk < G < Y S0 (bt
S 1 v\ kuy
Uk, k:uéc (6) sin(kyy) (5.14b)

Armed with this we can compute the multiscale mixing measures (|V?8|?) for p = 0,1, —1.

5.1.1 Variance

The variance is (N.B. only comiputing over 1/4 period)

14 1/4
(%) = ((f'2>+<92>)‘14<0 P (y)dy + /0 g%y)dy) (5.15)

1
) T2

letting n = y/6 : 0 — 7/2ky6
1 5% 1 T s k20262
6?) = = —— — / F2(n)d / G () —2—dn | . 5.16
(6% 7 U2K2 oy ( ; (n) nt | (”)sin?(kuné) 7 (5.16)
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Figure 3: Mixing efficiencies for p = 1 denoted by x, p = 0 denoted by *, and p = —1 denoted
by + for the steady shearing flow with » = 1 from direct numerical simulations with U fixed.
The solid lines are the asymptotic scalings.

Here we are interested in the scaling as § — 0. In that case we are justified in replacing the
upper limit of the integral of F2(7) by infinity since the outer solution is zero. More care must
be taken with the integral involving G2(n). We note that k2n?62/sin?(k,nd) is bounded by 0
and 7 /2 and hence we can apply Lebesgue’s dominated convergence theorem to obtain

5 1 S2 1 00 0 oo 9
0°) ~ ———— F*(n)d G*(n)dn ). 5.17
Recall from section 2 that (§3) = S?/k2k? and hence the mixing efficiency is

1

My~ Cri3peSs, ¢ = \/g — — . (5.18)
\/fo F2(m)dn + J5~ G*(n)dn

Figure 3 shows My as a function of Pe from direct numerical simulations. The scaling fits
Peb/8. There is only a 5% difference between the prefactor calculated from the boundary layer
solution and that calculated from the direct numerical simulation for Pe = 1000 (after rescaling
Pe to Pe). Remarkably, the Pe5/6 scaling is also observed for the HIT stirring (figure 1). The
scaling in r was also confirmed. The Pe®/® scaling would hold for different values of  with a
corresponding change in the value of the prefactor.

5.1.2 Gradient variance

The gradient is

2
(16P) = X [0 4162 + 5 U0 + (6] (519)

noting that the first term was computed in the previous section we focus attention on the second
term. Computing the gradient we obtain

2
LU + (@] = <(§gkfu{5—gpf(y/5>> >+
S 1 ’ kyy S 1 kyy N 2
<<Uks ku52G (y/é)sin(py) + U—ksmG(y/é) [sin(kuy)} > > (5.20)
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The lcading order contribution to the integral is the square of the first term (1/§% versus 1/6).
Hence

10 o nov 10821 /zku , /m na, o kZn22
- R s F d ——d 21
3 [0+ @) ~ g | [ P mans [T @) 22 dn| (521

and by the same arguments as the previous section (DCT etc.) we obtain

o e e] 2
(wop)~ 2 ([T o+ [T 60Pman) g (5.22)

’/T

Recall from section 2 that (|[Vo|?) = S?/k%k? and hence the mixing efficiency is

(5.23)

M, ~ CPe'/?,

T 1
C=.,/-
\/; VIS E m)dn + [3°(G"2(m)dn

The boundary layer and direct numecrical solution prefactors differ by approximately 1% for
Pe = 1000. Figure 3 shows the scaling of M; from the direct numerical solution that confirms
the Pe'/? scaling. The scaling in  was also confirmed. Interestingly, stirring at small scales
docs not enhance the mixing efficiency on small scales. This is because the decrease in gradient
variance due to stirring on small scales is compensated by the increase in gradient variance in

the boundary layer.
5.1.3 Inverse gradient variance
The inverse gradient variance is

(V71012 = (IV1(f(w) sin(kez) + g(y) cos(ksz))[?) (5.24)

This is the trickiest of the three multiscale mixing measures. We can simplify the integral by
noting that the leading Fourier component of g(y) is zero. Expanding f(y) in a Fourier series

o0
=" fucos(nkyy) (5.25)
n=0
we obtain
VI (f(y) sin(ks ke k k
(f(y)sin(kgx) Z mfn sin(nkyy) sin(ksz)i +
n=0 %

nky

k2 1 n2k2 fn sin(nkyy) co (ks33)j (5.26)

and

oc 2
(V7Y f(y) sin(kqx) Z |fn o = k2|f ol* + 72 Z |2fZ_|T2

0 8

1 fal?
< plhl+ AQZ' < Ul + Fswplnl (521
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Pe1/6

Figure 4: M_;/Pe®% versus Pel/® from direct numerical simulations (*). The solid line is the
asymptotic scaling.

Computing the first Fourier coefficient

L[ dy=25 " paa 5.28
Ifol—; A f(y)y—;Uks ; (n)dn (5.28)

and recalling from section 2 that (|V~16|?) = S2/k?kS we obtain the large scale mixing efficiency
scaling

M_y ~ CPe (5.29)

where C is a prefactor depending on the integral of F' (square of the mean versus the mean of
the square). Figure 3 of the direct numerical solution confirms the Pe scaling. The boundary
layer and direct numerical solution prefactors differ by 156%.

We note two interesting things; first to leading order there is no dependence on r even though
we might have expected that increased shear would increase mixing on large scales (see section
3). Second we expect that the next order term would be proportional to My i.e. that

M_; ~ Pe +r1/3ped/6, (5.30)

Figure 4 shows a plot of M_; /Pe5/ 6 versus Pel/® from direct numerical simulations. A very
non-rigorous check of the scaling involves comparing the slope of the line in figure 4 to the
prefactor above. The slopes differ by 20%. Note in that plot the current limit of large Péclet
and fixed r requires r < 0.1v/Pe i.e. r <3 (6 < 1).

There are still some things we do not understand. Are there universal scalings in Pe? Namely
for the steady flow and the Zeldovich sine flow we get the same scalings. Do these scalings appear
for other flows with this source?

5.2 Regular perturbation expansion

We now seek the behaviour of the multiscale mixing efficiencies for » > 1, Pe fixed. Going back
to our system of ODEs and setting § = k,y we obtain

Pe . .., [ 1 d ‘

Pe . 1 d? V25 1
) sin(g)g = [—;—2- + Zg_i] f+ preael (5.31Db)
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Now we perform a regular perturbation expansion in powers of 772

oo 0o
F= far™™ g=) g™ (5.32)
n=0 n=0
At O(1) we obtain
fi =0— fo=const, gj=0— go= const (5.33)
continuing as usual we obtain at O(r~?)
Pesin(§)fo = —go+ g1, —Pesin(§)go=—fo+ fi + % (5.34)

The average over a period of the first and second equations implies gg = 0 and fy = v/25/ Kkk2.
Thus, f; = const, and g; = —(v/2S/kk2)Pesin(f) + const. Continuing, we obtain at O(r—4):

Pesin(§)f1 = —g1 +9g5, — Pesin(§)g1 = —f1 + f5. (5.35)

The average over a period of the first and second equations imply

V2 S _, ves_ o
h= “or R Pes, g1 = ~Rz Pesin(y). (5.36)
Hence to leading order the solution is
9 2
0 ~ —Q 1-— Pe sin(ksx) — Pe sin(g) cos(ksz)| . (5.37)
kk? 27r? r?

Given the asymptotic solution for r > 1 at fixed Pe we compute the variance as (keeping only
the leading order term and the O(r~2) term)

52 1 Pe?
RS l—=—— S.
(") k2kd < T 72 ) (5.38)
which implies
1 Pe?
My~14+ ——. 5.39
0 + P (5.39)

It is clear from this result that stirring on ever small scales (increased shear) ceases to suppress
the variance. This is because in the limit r > 1 the flow is diffusion dominated hence the mixing

efficiency goes to one.
The gradient to leading order is

2 .
Vo ~ V25 [(1 — lP_e) kg cos(ksz) + ;:i; sin(g)ksin(ksz) | 1+

k2 T r?
Pe - 3
[_r—j cos(q) (',OS(A“,S.’I",)} j (5.40)
and so the gradient variance is
S 1 Pe?
V) — (1 - =— 5.41
1oy~ 25 (1- 222) (5.41)



which nnphes the mixing efficiency is identical on small and intermediate scales M; = M.
The inverse gradient to leading order is

_ 28 1Pe? k Pe R
vlo ~ % [1 — k2 sin(ksz) + — = 5 sin(j )k2 cos(ks;v)] i+
S .
Pe ) : . .
[_ﬁ cos(y)ﬁ cos(ksm)} J (5.42)

and hence the inverse gradient variance is

(v0P) m 2 <1 1P ) | (5.43)

kkS T 72

and hence M_; = My (as suspected). Thus in the limit 7 > 1 and Pe fixed all of the efficiencies
are the same.

Summarizing the different limits, we find that the norms scale differently in Pe for fixed r
and the scalings were confirmed with the direct numerical solution. However, the norms behave
similarly for fixed Pe and r > 1 where the flow is diffusion dominated.

6 Bounds on the multiscale mixing efficiencies with scalar decay

Now consider the advection-diffusion equation for the concentration of a passive scalar 6(x,t)
which has a slow decay rate o maintained by a body source s(x) with spatial mean zero:
06

a—i—u VO = kA0 + s(x) — ab (6.1)
where k is the molecular diffusivity. The decay rate may have various interpretations such
as the decay rate due to chemical kinetics, or radiative relaxation in meteorology (relevant
for the sphere). We follow the procedure of TDG which was used to derive upper bounds on
mixing efficiency for & = 0 to derive upper bounds on (|VP8|?) for p = 0,1,—1 when a # 0.
We re-define the advection-diffusion operator and its formal adjoint to include the slow decay:
Lo =0+u-V—£kA—qaand ch = —0; —u-V + kA — a. Now we proceed with computing
bounds on the multiscale mixing efficiencies.

6.1 Bounds on the variance

Following the TDG procedure, we perform the following optimization:

(6%) 2 mgxmgn{<52) | (B(u- Vo + rAp - ap)) = —(ps)} (6-2)

upon applying the Cauchy-Schwarz inequality and maximizing over ¢ we obtain

(6%) > (sMGs) . (6.3)

where M§ := (LoLh)™. Substituting the definition of £, and restricting to HIT

(sMGs) = (s{k?A%? =T : VV + k(2VTU - VV 4+ Vi - V) — ol - V — 2akA + o?} 7 1s)
= (s{k?A? — (U?/d)A — 2ka + o?}71s). (6.4)
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The variance in the absence of stirring is
(02) = (s{K?A? — 2kaA + o2} 1s) (6.5)

and hence an upper bound on the mixing efficiency is

(6.6)

N (s{K2A% — 2kaA + a?}71s)
(M) < (s{r?A2 — (U?/d)A — 2kaA + a?}71s)’

In Fourier space this is

5(k)[2 5(K)[? -
(M) < (zk: K2kA +| 2(ﬁc)v|k? + aQ) <; K2k4 + (Uzl/fi —)kl ka)k? + a2> ' (6.7)

Clearly, the upper bound depends on the Fourier transform of the source function s. In the next
section we investigate the high-Pe behaviour of M§ for a measure valued source. To determine
the high- Pe behaviour we approximate the sums by integrals and take the limit of infinite volume
noting that the a term allows the integrals to converge:

-1
o 5(k)2ET-1 44 00 a 2}.d-14d].
()2 < (/ §() 1 k2> / S0P d | 65)
o Kk +2kak® + o 0 K2k + (% + 2ka)k? + o2

Letting £= k\/g in d-D we obtain:

é~(§\/§)|2€d"]d£> </°C 3¢/ T)Pedg >_1. (6.9)

]\40’2< b
o) N</0 ¢ +262 +1 0 &4 (Pe’+2)82+1

where Pe := Ul/r = U/\/ra where £ = \/k/a is the diffusive length scale i.e. the distance
travelled by diffusion before decay.

6.1.1 Delta function source

Consider a delta function point source so that there is a separation of scales between the source
and the stirring ficld. In d = 2 we obtain

S Ry S SR 6.10)
o 142241 2 0 g4 (PePe +2)€24+1 26— & ‘

where £ and & are the solutions of the quartic equation:

(75c2 + 2) F P\ 1+ 4Pe ) (75e2 n 2) T Pe’ (1 +oPe l —opet 4 )

o= 5 = 5

In the large Pe limit, the mixing efficiency is

Pe
2InPe’

Mg < (6.11)
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Note this is a distinct scaling as regards £ compared to the problem with o = 0. An efficiency
scaling of ~ Pe implies the eddy diffusivity would scale as y/«. For d = 3 we have

©  gdg  x [ £ Vi~ V&
= — = — ; 6.12
/0 /0 P01 2 66 (6.12)

£+22+1 0 4
In this limit the mixing efficiency is
1 /=
M§ < 5\/ Pe. (6.13)

Thus for d = 3 we also have an anomalous scaling in Pe with an equivalent diffusivity propor-
tional to k1/4.

6.2 Bounds on the gradient variance

For the gradient variance the optimization problem is

(IVel*) > max mj;n{(IVW) | (V6 (up + Vi — a(V(AT0))) = —{ps)} (6.14)

upon applying the Cauchy-Schwarz inequality (we will revisit this approach at the end of this
section) we obtain

(IV6[2) > max < (s)” . (6.15)

Under the assumptions of HIT
(|[kVe +up — a(V(AT9)?) = (K*[Vel? + [U7¢* + o[V (AT 9)|? — 26aV (A7 ) - Vf6.16)
The solution to the optimization problem is (after some algebra)

(IVO[?) = (sMfs) (6.17)

where M$ := (—k2A + U72 + 2ka + a?A~1) 71, Given the gradient variance in the absence of
stirring we obtain a bound on the small scale mixing effciency

_ 2A 2A~-11-1
(M2 < (s{—x (—Ji;%a +a*A™1} ) '
(s{—r2A + 5 + 260 + 02A~ 1} 1s)

(6.18)

In Fourier space the bound is expressed as

o 1509 s\
= (Z k2<n+fv>2> (? k2<n+%>2+%2> | 049

Once again since we are interested in the high—’P~e behaviour we approximate the sums by
integrals

0 2|3 21.d—1d1. o) 25 21.d—1 yd -1
(M{’)25(/0 k2|5(k)[2k dk)(/o k2|3(k)|2k4-1d%% ) ‘ (6.20)

k2k* + 2kak? + a2 K2k4 + (UTZ + 2ka)k? + a?
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Letting ¢ = k\/g in d-D we obtain:

oo £2)a a\|2¢d-1 0o ¢2(2 @y |2¢d-1g -1
<Mf‘>25</0 3¢/ T d<> </0 §5(¢v/T) % 5) | 621

42241 4 (2 +2)e241

Clearly the convergence of these integrals depends on the property of the source. We must have

fora#0,s€ H™.
Here we re-examine the application of the Cauchy-Schwarz inequality. The analysis can be

improved by evaluating
min{(|V0?) | (V8- (up + £V — a(V(AT9)))) = (ps)} (6.22)
6
with functional F := (%|V§|2+A(V-Vé—gos)> where v = up+xVyo—a(V(A71p)). Asin section

3 the solution to the optimization problem depends on the two-point correlation statistics of the
velocity field

(ips)? (ps)?
(V- -Vv)(-A-H)V - v) 2 (V) (6.23)

In the case of HIT a strict application of the Cauchy-Schwarz inequality yields the optimal
bound. Again this analysis docs not apply to either the variance or inverse gradient variance.

(IVo*) =

6.2.1 Delta function source

As for the case of o = 0, a d-function or white noise source will cause the integrals in (6.21) to
diverge and thus M{" = 1 for d-function sources.

6.3 Bounds on the inverse gradient variance

For the inverse gradient variance the variational problem is
(V71912 > max min{(|V7142) | (VA™0 - V(u- Vo + kAp — ap)|?) = (ps)} (6.24)
¥ 0
upon applying the Cauchy-Schwarz inequality

. (s0)*
(v=e)?) > max (|V(u-Veo+ Ao — ap)?)’ (6.25)

Under the HIT assumptions

(V(u- Vo + rAp — ap)|?) = <|AW|2+—W|2 — As@) +0®|Vo|* — 20KV - AV).

The solution to the optimization problem is (after some algebra)
(V61) > (sM25) (6.26)

where M9, = (k2A% — (T2/d)A + (U%/d)A? + 2kaA? — a?A)~1. Given the inverse gradient
variance in the absence of stirring we obtain a bound on the large scale mixing effciency
(s{K2A% + 2kaA? — 0?A}71s)

. 6.27
(s{K2A3 — FZA—}—%Q-AQ-FQH()’AQ—Q'QA}_IS} (6:27)

(Mf)? <
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In Fourier space the bound is expressed as

()2 ()2 -1
. 504) 1506)
(M—l) — (; H2k6 + 2/1&”64 + a?kQ ; FLka + (U_2 + 2;<.;a)k4 + (a2 i F2)k2 . (628)

Once again since we are interested in the high Pe behaviour we approximate the sums by
integrals

. -1
e < ( I [8(k) PR % ) [ K2[6(K) Pk (6.2
VoSS B2k 4200k +02) ) \ o R2(k2K4 + (2 4 2ka)k? + o2 +T2)

Letting ¢ = ky/Z in d=D we obtain:

o |3 @y |2¢d—14d oo 3 @y |2¢d—1qd -1 :
(Mfl)Q 5 / | (f\{;)l 62 { / ! (é}/;;)' 5 § - ) (630)
o S22+ J\Jo (et + (Pe” +2)€2+1+ )
In d=2 there may be an infra-red divergence problem. The integrals converge if |8(k)|? = f(k) .
if f(k) =~ k? where 8 > 0 (we require mean zero sources as to prevent blow up at 0). This is our

only restriction on the source. How the Fourier transform decays as k — 0 indicates the large
scale structure of the source. Exploration of the bound’s behavior remains a task for the future.

6.3.1 Delta function sources

In d=3

/°°___d§____=1 /°° d T YOV gy
o &H22+1 47 Jo gy (Plr+1+ 5 2(e-a)Vae '

where £; and &; are roots of the quadratic equation:

s 2 s 4 ~ 2 4072
= 2)+ 4 - —. .32
&1,2 (Pe + ) \/’Pe +4Pe > (6.32)
In the limit of Pe > 1 we get to leading order in Pe:
~ 2 =2 T2:2 1P < ~ 92 22
& =Pe —Pe 1—4W 2P 2, &y = 2Pe, &1 — &y = Pe 1——4—6,2—' (633)
hence
o -
2
/ dé o Pe (6.34)
o &

+HE+2e+14L 25 [
Pe)‘

where Pey = U)/k where A (a Péclet number using a length scale of the velocity field). Hence
Pe?

Ma
( - ) - P €

note that the efficiency may be larger when there is stronger shear I' 3> 1 as was found in the
case of a = 0. Table 2 summarizes the high- Pe scaling for HIT in the case of =0 and a # 0
for a é-function source.

(6.35)
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o= d=2 d=3 a#0  d=2  d=3
M, 1 1 M¢ 1 1
P 5 =
]\40 ﬁ)ﬁ \% Pe Mél —]% V Pe
]\4_1 N i 1 — Pe % ]wg * Pe

M/ log(1+12/X2) /Py

Table 2. High-Pe scalings of the multiscale mixing efficiencies for a é-function source. The
* indicates that the scaling depends on |§(k)| as k — 0 and Pe := Ufl/k = U/+/ka where

L= \/k/a.

7 Conclusions and future work

Multiscale mixing efficiencies are susceptible to rigorous analysis. Upper (lower) bounds on mul-
tiscale mixing efficicncies were obtained from lower (upper) bounds on appropriately weighted
variances. Bounds on large-scale mixing are sensitive to small-scale stirring. The bounds can be
sharp (sweeping flows on the torus). Furthermore, the efficiency of some complex random flows
can be understood via simple stcady state scalings. Finally, the inclusion of a decay term in the
advection-diffusion equation introduces new features namely new high-Pe dependences of the
equivalent diffusivity on the molecular diffusivity.

The current analysis has only answered some of the questions posed in the introduction
hence, there are exciting problems that are the subject of current and future investigation. For/
example, extending the current analysis to bounded domains (sphere etc.) and formulating an
appropriately constrained variational problem for the optimal (source specific) stirring field.
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Transport in cellular flows from the viewpoint of stochastic
differential equations

W. Pauls

July 18, 2006

1 Introduction

The behaviour of passive scalar tracers moving in a prescribed velocity field can be described
using two equivalent formulations: (i) the passive scalar equation which in two dimensions
can be written as

00+ VEH Vo =eAd, (1)

(i) probabilistic description in terms of stochastic differential equations
dX, = —8,H(X,,Y,) + V2e aW; (2a)
dY; = 0, H(X, Y;) + V2e dW ¥, (2b)

Here H(z,y) is a periodic stream function defined in such a way that the velocity field is
given by u = (=0, H,0;H). In what follows the velocity field will always be deterministic
and time-independent.

The subject of study in this report is the asymptotic behaviour of the process (2) in
the limit € — 0. In fact, this question can be analyzed using the passive scalar equation
(1). Here the homogenization technique from the theory of partial differential equations is
applied which gives a description of the behaviour of solutions of (1) on large scales, see
[1]. Separating slow and fast variables and performing a multiscale analysis one obtains the
effective diffusion equation for the evolution of § on large scales

060 =V -DIV6. (3)
The effective diffusivity D} is a constant matrix given by the following expression
Di(e) = ((el + ¥)(Vx +e)-e), (4)
where x is the solution of the so called cell problem
V- [(el + ®)(Vyx + €)] = 0. (5)
Note that equation (5) has to be solved in the domain of periodicty of the streamfunction

H(z,y). One class of flows for which the cell problem (5) is amenable to analysis is a special
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case of the well known ABC flow, namely the case A =1, C = 0. The streamfunction is of

the form
1+B 1-B
cos T cosy +

H(z,y) = sinzsiny. (6)

The case B = 1 has been treated in [2] using boundary layer techniques where it was
shown that D} = O(y/€). More precisely, the boundary layer analysis is performed in a
boundary layer of width O(y/€) which forms at the boundaries of the impermeable cells
of the underlying velocity field VX H(z,y). Heuristically, since the amount of the tracer
transported along the boundary layer is proportional to its area, the effective diffusivity
has to be proportional to y/e. An analytical solution of the cell problem in the boundary
layer approximation was given in [3] using Wiener-Hopf technique. In the case B < 1 the
effective diffusivity is anisotropic and as has been shown in [4] the effective diffusivity across
the streamlines is of order O(e) while along the stream lines of the flow it is of order O(1/e).

The large-scale picture obtained by the homogenization approach as presented above
does not give any information on the microscale structure of the diffusion processes hap-
pening in the flow. However, small scales do play a major role in the form of boundary
layers which is typical for diffusion processes at high Péclet numbers.

In principle, stochastic differential equations (2) allow us to describe the diffusion of
particles in much more detail. But how much information can we obtain on the limit ¢ — 07
A standard approximating technique in this framework is the so called Wentzell-Freidlin
method. It describes the behaviour of randomly perturbed Hamiltonian systems on large
time scales at high Péclet numbers by means of continuous diffusion processes on graphs, as
is explained in Section 2. A priori, this technique works only only for Hamiltonians H(z, y)
such that H(z,y) — +oo when |(z,y)| — oo and does not allow for existence of heteroclinic
orbits.

If we try to apply this technique to the case of unbounded cellular flow with H(z,y) given
by (6) we arrive at a paradox. Namely, the transition from one cell to another will happen
instantaneously no matter how large the spatial separation between the cells. Furthermore,
the characteristic time scale of diffusion will be of order O(1/¢) which contradicts the results
obtained in the homogenization framework where the characteristic time scale is of order
O(1/Ve).

However, for bounded domains this technique works for sufficiently small € such that
1/+/€ is much larger that the domain size (therefore it is not in contradiction to the homog-
enization method). This gives us an indication that the Wentzell-Freidlin method remains
locally valid. In fact, it fails on unbounded domains because of its global structure which
is determined by the method of “gluing” together single cells.

Actually, by changing the “gluing” prescription between the processes obtained in single
cells we can make the Wentzell-Freidlin approach to be consistent with the results given
by the homogenization. The main ingredient here is the conservation of probability: the
probability current going out of a cell has to be matched with the probability current across
the cell boundary (dominated by the boundary layer effects) into the neighbouring cells.

The structure of the present report is as follows: Section 2 is entirely devoted to the
Wentzell-Freidlin technique. In Section 2.1 we explain the averaging principle for a single
cell and its deterministic background. Asymptotics € — 0 of solutions to (2) on bounded
domains is described in Section 2.2. In Section 2.3 we discuss some simple models for
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diffusion in unbounded cellular flows. Furthermore, using results of numerical simulations
we argue that the approximating process on unbounded domain will be discontinuous. In
Section 3 we outline the procedure for obtaining this process and state the result. Possible
applications are discussed in Section 4.

2 Random perturbation of Hamiltonian systems

For small values of ¢ (i.e. for high Péclet numbers) equations (2) describe small random
perturbation of the determinstic system

&= —8,H(z(t), y(t)), (7a)
§ = 0, H(x(t), y(t)) (7b)

which represents the limiting case € = 0. Heuristically one would expect that the behaviour
of solutions to (2) in the limit ¢ — 0 is to a large extent determined by the deterministic
solutions, i.e. solutions of (7). The simplest ansatz of this type consists in making a per-
turbative expansion of solutions to (2) in powers of /¢ around the deterministic solutions?,
see [11, 12]. Howcver, this approximation is of little use when we want to study long-time
behaviour. Indeed, it works well only for a finite period of time (which also remains true
when we include higher-order terms) and does not take into account the separation into
fast and slow variables. The latter point is of special interest to us because the underlying
structure of the deterministic case (to be described in Section 2.1.1) is at the basis of the
approximating method discussed in Section 2.1.

2.1 Slow-scale motion inside a cell

2.1.1 Case of vanishing viscosity

In terms of (1) the deterministic case corresponds to the passive scalar equation with van-

ishing viscosity € =0
0+ VEH - Vo =0 (8)

and an initial condition 6y. The charateristics of this equation are given by (7) so that
the solutions of the Cauchy problem for equation (8) can be constructed in terms of the
one-parametric flow (by taking the inverse Lagrangian mapping) generated by the velocity
field VX H(z,y), sec e.g. [5).

If we choose the streamfunction (6), then equations (7) can be solved explicitly, see [6].
For the particular case B = 1 the solution is given in terms of Jacobi elliptic functions (see

[71)
z(t, h) = arcsin <\/] —h%sn(t,\/1—~ /7?)) , (9a)
y(t, h) = arcsin (\/1 —h?ed(t, V1 — h?)) , (9b)

"In the case of the Hamiltonian (6) with B = 1 the explicit solution of (7) given by (9) allows us to
compnte analytically the first order term in the expansion. It turns out to be a stochastic integral the
integrand heing a complicated expression involving Jacobi elliptic, hyperbolic and logarithmic functions.
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where z(0) = 0 and H(z,y) = h is kept fixed along a trajectory. Obviously, a particle
initially located in one particlular cell will stay inside this cell. The period of motion along
a level line with H(z,y) = h is given by a complete elliptic integral 4K (v/1 — h?). For the
special case h = 0 the equation of motion along the separatrix can be solved in terms of
elementary functions '
z(t,0) = 2arctan e’ — g,
where the initial conditions are specified as z(0,0) = 0 and y(0,0) = 7/2. Note that in the
deterministic case it takes an infinite time to reach the equilibrium point (7 /2, 7/2).

It is crucial for the following analysis that we can interpret (7) as a Hamiltonian system
with one degree of freedom by identifying (z,y) — (p,¢). The streamfunction H(z,y) —
H(p, q) is then identified with the Hamiltonian of the system. As usually, an action variable
I(h) can be introduced as '

(10)

I(h) =2 /1 K (\/1 - h'2) dr’, (11)
™ Jh )

which is equal to the area inclosed inside the orbit H(p,q) = h divided by 2w, see [8].

2.1.2 Effective Fokker-Planck equation

We will first study the behaviour of solutions to (2) with H given by (6) with B = 1
such that the particle is staying inside one cell. The typical technique for analyzing the
evolution of slow variables of such a system subject to small random perturbations is the
technique of averaging out the fast variables. Then an effective evolution equation for slow
variables inside a cell is obtained in a way similar to the analysis of small perturbations
in classical mechanics [8]. In the framework of stochastic differential equations this ansatz
was introduced by Wentzell and Freidlin, see [12] and references therein. For analogous
consideration in the framework of passive scalar equation see [17].

In our case the averaging principle can be briefly summarized as follows: Inside the cell
the deterministic system (7) can be described in terms of motion on invariant tori. We
parametrize these tori by the values of H(z,y) = h. In the perturbed system (at least
for small perturbations) particles will still rotate rapidly along the tori, however they will
slowly drift across the tori. To describe this slow drift we calculate dH (X;,Y;). Using It6’s
formula we obtain

dH(X,,Y;) = V26 VH(X,,Y;) - dW, + ¢ AH(X,,Y;)dt, (12)
where dW; = (th(m),th(y)) is the two-dimensional Brownian motion. Of course, we

cannot evaluate the terms VH(X;,Y;) - dW; and AH(X,,Y;) explicitly without solving
equations (2). However, using the integral form of (12)

t i
H(Xt,Yt)zH(XO,Yo)+\/§E/ VH(XS,YS)-dWs—m/ AH(X,,Y,)ds,  (13)
0 0
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we see that because of the smallness of the perturbation (i) the second integral is approxi-
mately equal? to the integral fOt(AH)H:h(XS, Y;)ds, where

-1 .
(AH)p=p = ( N—d;{—,) 28 (14)

IVH|
and the integrals are taken over the level set {(x,y) : H(z,y) = h}. Moreover, (ii) the first
(stochastic) integral in (13) can be represented as

/t VH(Xs,Ys) - dWg =W (/t |VH(XS,YS)|2ds> : (15)
0 0

where W(-) is a one-dimensional Wiener process. With the same argument as before
fot |VH(X,,Y,)|?ds can be approximated by the ergodic average of |V H|?

(VHP) o = ( I ,—V%)l v (16)

The obtained effective diffusion process is most conveniently formulated in terms of an
effective Fokker-Planck equation with time rescaled as t — €t

aip = 8, (A(h)p) — ), (B(h)p) (17)
The coefficients A(h) and B(h) given by
A(R) = (\VH[*)i=n, B(h) = (AH)p—p. (18)

In the case of H given by (6) with B = 1 these coefficients can be calculated explicitly using

formulas (9)
1 — h2
A(h) = QEWVIZ M) 2h?,  B(h) = —2h. (19)

K(V1— h?)
Here K (-) and E(-) are complete elliptic integrals of the first and second kind, see {7, 15].
Note that instead of the Hamiltonian we could have used the action variable (11). Indeed,
the formulation in terms of the action turns out to be very convenient for generalization of
the averaging principle to higher dimensions.

2.2 Construction of an approximating Feller process (Wentzell-Freidlin
technique)

In this subsection we study asymptotic behaviour of solutions of (2) constrained to a
bounded domain (with periodic boundary conditions) approximating them by a process
with essentially one-dimensional state space. We have seen that (17) specifies completely
the behaviour of the system up to the first exit time out of a cell. Once having left the
cell after some transitional time (during which it will stay in some neighbourhood of the
boundary of the original cell) the particle will again slowly diffuse, either in the original cell
or in anotler neighbouring cell.

2This is due to the averaging principle.
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H max Hmax
H>H,
H> 0 ' H=Hc
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H<0 H=-H,
H< -H,
H min Huin

B=1 B=0

Figure 1: Reeb graphs of the flow (6) for the cases B =1,0< B <1 and B = 0 on the
domain of width 27 x 2.

To describe the transition phase of the particle from one cell to another we need to (i)
give a geometrical description of the way in which the cells are connected to each other, (ii)
analyze in detail the behaviour of the diffusion process during this transition.

The geometrical description is given using the topological notion of a Reeb graph of
H(z,y) [9]. For a general Hamiltonian H(z,y) it is defined in the following way: Let
(x¢,yc) be a critical point, i.e. a point such that VH(zc,y.) = 0. Then each connected
component of the level set H~1(H(z.)) is identified with a vertex. The points on the edges
which connect the vertices are identified with connected components of the noncritical level
sets H~Y(H(z,v)). Figure 1 shows the Reeb graphs of H(z,y) given by (6) on the domain
[0,27] x [0,27] for the cases B =10, 0 < B < 1, B = 1. Note that in the case B = 1 the
edges of the Reeb graph correspond to the interior of the cells. -

The geometrical description above suggests that the appropriate state space of the pro-
cess approximating the solutions of (2) is the Reeb graph T" of the Hamiltonian H(z,y) with
edges denoted by e; and vertices denoted by Ok. In side each edge e; the approximating
process is governed by the evolution equation of the type (17)

8ipi = 03 (Ai(h)pi) — By (B;i(R)p:) (20)

To determine the process completely we have to specify the boundary conditions at the
ends of each edge, “gluing” the edges together in a consistent way. This “gluing” procedure
determines the behaviour of the process during the passage through the vertices of the
graph. Physically it describes transitions of a particle from one cell to another.

Specifying boundary conditions for a stochastic process is in general a quite delicate
point. One possibility to specify the boundary conditions is to require the approximating
process to have “nice” mathematical properties.®> In [13] all possible continuous Markov
processes with Feller property? on graphs were described such that the diffusion inside an
edge is governed by a second order elliptic operator (which can possibly depend on the
edge). In our case the ellpitic operator is given by the right hand side of (20). Furthermore,
at each edge the sum of the incoming probability currents has to vanish. This leads to the

3 As we shall see later, this requirement is not always consistent with the behaviour of solutions of (2).
4This means that in course of time continuous distributions of probability remain continuous.
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following boundary conditions at a vertex Ok

Y JiOk) =0, pi(Ox) =p;(Ok), i,j:ei~ Ok, €~ O (21)

where ¢;,e; ~ O denote the edges incident to the vertex Oy.

Thus, the approximating technique (in the following referred to as Wentzell-Freidlin
technique) consists in (i) approximating the solutions of (2) inside of the cell by (17),
(ii) gluing together the cells by matching continuously the probability distributions at the
boundaries of the cells.

In the case of the Hamiltonian specified by (6) on bounded domain we expect that the
process on the graph approximates well solutions of (2). Furthermore, similarly to [12] a
particle spends a zero time (on the time scale €t) at the vertex. From this follows that once
the particle reaches the cell (edge) boundary, it can hop instantaneously to any other cell.
Furthermore, the behaviour of the process after it reaches the vertex does not depend on
its prehistory, i.e. on the edge it came from. Thus, the transition probability from one edge
to another is not dependent on their spatial separation. Note that for ¢ — 0 this does not
result in any contradiction, because of the very long relevant time O(1/e) — oc.

Altogether the Wentzell-Freidlin technique yields the following picture for advection of
passive scalar in a bounded domain: Let us chose an initial coondition which corresponds
to the passive scalar being concentrated in the center of a cell at t = 0. Then, as time goes
on, the passive scalar will slowly (i.e. on time scale O(1/¢)) diffuse untill it reaches the
cell boundary. As soon as it reaches the boundary it will very quickly (instantaneously on
time scale O(1/¢)) spread across the domain along the network of separatrices. After this
the passive scalar will penetrate the cells on slow time scale O(1/¢) untill the stationary
distribution is established.

However, the above implies immediately that the Wentzell-freidlin technique cannot be
applied in the unbounded case. Indeed, it would state that a transition from one edge to
another happens instantaneously, no matter how large the spatial distance. It can also be
readily seen from the structure of the Rech graph corresponding to the unbounded case.
Indeed, in this case the Reeb graph consists of one vertex with infinitely many incoming

vertices.

2.3 Diffusion in cellular flows: unbounded case

As we have seen previously, the knowledge of the behaviour of solutions to (2) in the vicinity
of the cell boundaries is of crucial importance. To describe this behaviour one has to take
into account cvents such as a particle crossing of a separatrice and going to another cell.
Qualitatively, we can discribe them as follows: We artificially separate the cells by channels
(which play the role of the boundary layers along the separatrices) to take into account the
transport along the boundaries. Let 6(e) be the width of the channel. The motion of a
particle consists of two types of events: (i) slow motion across streamlines inside the cells
with typical time spent inside a cell te = O(1/€) and mean square displacement O(e?);
(ii) fast transport in the channels with velocity of order O(g”) and time spent inside the



channel O(6%/¢). The effective diffusion is given by

2
Kot = O <%) =0(8?) (22)

Setting d(e) = £7 we obtain Keg = O(+/€). However, the width of the channel is something
that we have to insert by hand into this model. Furthermore, for solution of the cell
problem the width of the boundary layer is usually assumed to be /. Nevertheless, this
simple model is usefull because it gives an additional intuition about the nature of diffusion
in the cellular flow. Indeed, numerical simulations of (2) show long flights along the cell
boundaries interupted by trapping of the particle inside the cells, see Fig. 2.
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Figure 2: Random motion of a Brownian particle the cellular flow B = 1.

During the excursions the stochastique motion can be described by a very simple one-
dimensional model

dO; = |cos O] + V2edW,, (23)
where 6 € [0,47]. The backward Kolmogorov equation is given by

Ayp + | cos 0]0gp = 03p. (24)
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Solutions® are most easily found by writing the drift | cos ©| as the derivative of the following

continuous potential

—4k — si _x o T4 Okl
V(o) = { 4k n sin 6 . for z € | ; +2kir, z +21:r7r], (25)
—2(2k +1)+sinfd for xz € [-F + (2k+ )7, § + (2k + 1)7],
such that |cos@| = —0pV(6). Note that this potential contains two parts: a periodic

part Vo(f) with period 7 and a tilting force F = 2. Obviously, the function V() =

V(0) + OF satisfies Vp(6 + 7) = Vp(6). Stationary distributions are easily found which
allows to determine the mean velocity and the effective diffusion

21 _ 2

< v >= lim ————E[@t] D = lim E[07] ~ (E[O.])

t—oc  t 1—00 2t

(26)

It turns out that the mean velocity does not vanish and the effective diffusion is proportional
to 1/e, see [22]. The behaviour of the diffusion process in the neighbourhood of the cell
boundaries has been studied in [14] using boundary layer asymptotics. It turns out that
the time a particle spends in a cell is of order O(e).

Note that events (i) and (ii) have two different time scales: (i) is on time scale O(1/+/¢)
while (ii) is on time scale O(1/¢). A similar situation has been discussed in [18] for effective
diffusion along a pipe with semiinfinite pipes branching off the main pipe. The fast motion
happens inside the main pipe while trapping occurs inside the side branches.

Since the stochastic motion of a particle inside of the unbounded cellular flow is a
mixture of random walk on the lattice of cells (jump process) and slow diffusion inside
the cells (continuous process) we cannot expect the Wentzell-Freidlin technique to hold
on unbounded domains. Indeed, as Fig. 3 shows, in numecrical simulations of diffusion of
passive tracer on the cellular flow (6) we find high gradients of the passive scalar accross

the cell boundaries.

3 Approximating process with jumps

In this section we propose a generalization of Wentzell-Freidlin method to the case of un-
bounded domains. The main idea is to give up the mathematical condition of continuity
of the process at the vertices of the Reeb graph which in the previous paragraph has been
shown to inconsistent and allow for processes which can have jumps at vertices. The conti-
nuity condition has to be replaced by another condition which takes into account processes
happening at the scparatrices analyzing them more carefully than it has been done in Sec-
tion 2.2.

We begin by outlining the procedure which can be used for obtaining the approximating
process on the domain R?. We label each cell by a two-dimensional integer vector (n1,n9) €
Z2. The effective evolution equation inside each cell is given by

ast P(nymng) = 8121 (A(h')p(nl,ng)) - 8’1 (B(h’)p(m,ng)) (27)

Consider now, analogously to [20] a water-pipe network Q% = {(z,y) € Q : [H(z,y)| <
N/e} around the separatrices. The corresponding water-pipe approximation is

eAOS, — VTH - Vo5 =0, (z,y) € Q%, (28)

5Stochastic equations with periodic drift are intensively studied in [21].



Figure 3: Diffusion in the cellular flow given by (6) with B = 1 for ¢ = 0.0009765625 at
t=32.

however, instead of zero gradient von Neumann boundary conditions at the level set
Linyng)(NVE) = {(z,9) € Q: |H(z,y)| = NVe, (z,y) lies in the cell (n1,n2)}  (29)

used in [20], we introduce the following conditions
805 |
8n = (DG)(nl,ng)a (xﬂ y) e E(nl,nz) (N\/g) (30)
The two descriptions, in the interior of the cells and at the cell boundary, have to be glued
together. It is here that the conservation of probability enters. We have to match probablity
current leaving the edge with the probablity current entering the water-pipe network. This
gives the equation

jél;k(N\/E)(De)kdl =€ [B(h)p(nl,nz)(h) - ah (A(h')p(nl,nz))]th\/g . (31)
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The expression on the right hand side is just the probability current entering the boundary
of the cell.

Now we turn to description of the approximating process. First of all, in order to describe
the transport from one cell to another in the asymptotics € — 0 we find it convenient to
consider the network of lines connecting the neighbouring cells which is in fact a network
dual to the water-pipe network. In our case of H(z,y) given by (6) with B =1 it is just the
two-dimensional lattice Z2. At each vertex of this network we specify a function f(n, n,)(t).
This function serves as a boundary condition for the effective Fokker-Planck equation (27)
(with the original time) in the cell (n;,n9). For a particle the probability of leaving this
cell through the boundary adjacent to one of the neighbouring cell, e.g. the cell (ny,ng+1)
is proportional t0 fin, ny41) = f(n,my)- Therefore the discontinuous part of the process is
governed by the Laplace lattice operator on the lattice Z2

AZQ f(n] ,n'z)(t) - f(n1+l,n2) (t) + j(n] -—l,ng) (t) + f(m ,n2+l) (t) + f(')’l] ,nz—])(t) - 4f(n1,n2) (t) (32)
The evolution equation for fi,, n,y(t) is then given by

d d

E;f(m,nz) + 31: / p(m,ng)(h)dh’ = Az2f(n1,n2) (33)

In this way we obtain a coupled system of equations which yield the complete description

of the approximating process.

4 Discusion

The generalization of the Wentzell-Freidlin technique proposed in the previous paragraph
is easily generalized to the cases of nonperiodic cellular flows. In fact, it suffices to replace
the Laplace operator on Z?2 by the Laplace operator on the network (graph) dual to the
network of separatrices of the original flow. Of course, the spectral properties of the graph
Laplacian then depend strongly on the topological structure of the dual network. Therefore
the cellular structure of the flow can nontrivially influence the solutions of (33).

One application of the Wentzell-Freidlin technique is connected to the study of reaction-
difflusion equations. However, as has been stated in [10], in its usual formulation it is not
applicable without any restrictions. The generalized form of this technique proposed in the
report seems to be suitable to a wider range of applications, including nonperiodic cellular

flows.
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In fact, analogous constructions were discussed in {19, 18].
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Scattering past a cylinder with weak circulation

John Rudge
August 25, 2005

1 Introduction

Wave phenomena arise in a wide variety of geophysical problems. Indeed, in this year’s
principal lectures a main focus was the modelling of waves in the ocean. It was in this
context that ray tracing and the geometrical theory of diffraction were introduced.

An important distinguishing feature of waves in the atmosphere and the ocean is that
they propagate through a fluid, and that fluid is often already in motion. Familiar examples
include the propagation of acoustic waves in the atmosphere in the presence of winds, or
gravity waves in the ocean in the presence of currents. Ray tracing has routinely been
used to solve such problems, and there is a large amount of current research devoted to
understanding these wave-mean interactions. _

Diffraction is the apparent bending and spreading of waves when they meet an obstruc-
tion. It is a phenomenon not described by ordinary geometric optics. However, an extension
to ray tracing called the geometrical theory of diffraction (GTD) can overcome this prob-
lem. On the whole GTD has been little applied to wave-mean problems, and the focus of
this project is to understand how GTD can be used in the presence of a mean flow.

We consider a new twist on the canonical problem of scattering of a plane wave past a
circular cylinder. Scattering past a cylinder is a classical problem with a long history. A
good introduction to the ideas behind this work can be found in [5] and in particular the
application of GTD to the circular cylinder can be found in [7]. Special functions abound
in scattering problems, and [1} is an invaluable source for looking up their properties.

Our problem considers the addition of a weak circulation around the cylinder, which
could be motivated by the problem of modelling weak currents around an island. We
emphasise here that the circulation is weak as this simplifies matters considerably [3].

The geometry is shown in Figure 1. We let the radius of the circular cylinder be a and
take coordinates centred on the cylinder. We take the plane wave to be incoming from +o0
on the z-axis. The cylinder is taken to be impermeable.

2 The governing equations

Following [2], we set up our governing equations as those of 2-D compressible gas dynamics,
which have as a special case the familiar shallow water equations. The continuity equation
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Figure 1: The geometry of the problem. An incoming plane wave is incident on a cylinder
with circulation.

18

Dh
=L IV u=0, (1)
and the momentum equation is
-’E + iv (lﬂ—l) =90 (2)
Dt ~-1 )

Here u is the two dimensional velocity vector of the fluid, and h is the density of the
gas, or the height of the frec surface in the case of shallow water. For gas dynamics ~
is the polytropic exponent and ¢ = ¢gvVHY™! is the undisturbed sound speed for a gas
of uniform density H. For shallow water v = 2, ¢z = g the acceleration due to gravity,
and the undisturbed gravity wave speed for a layer of uniform depth H is ¢ = /gH. The
corresponding equation of state is

h7, (3)

i

= &

p

wherc the additive constant has been neglected. The momentum equation can then be
written in momentum flux form as

9 (hu)
ot

We will assume that our flow is irrotational, V x u = 0. This implies we can write u in
terms of a velocity potential, u = V¢. The momentum equation can then be integrated to

+ V- (huu) +Vp=0. (4)

give Bernoulli’s equation
1) cAnr1
ot v =1
where G(t) is an arbitrary function of time alone. Note that Bernoulli’s equation determines
h as a function of the velocity potential ¢.

+ 5196 + L = G, ©



3 Small amplitude waves

3.1 Time averaged equations

When studying wave phenomena it is often useful to decompose fields into a time averaged
mean part and a disturbance part, namely ¢ = ¢ + ¢/, where (¢') = 0. Averaging (1), the
averaged continuity equation is

V- (hu+ ') =0, (6)
and averaging (5) the averaged Bernoulli equation is

hY—1 1 12 112
1= constant — 3 <|u| + || ) . (7)

§—
We perform a standard perturbation analysis of the governing equations in terms of a
small non-dimensional wave amplitude parameter . We will assume the O(1) flow has no
disturbance part, and that the O(n) flow has no mean part. For the mean flow we write

¢=0+0+n’pa+ ..., (8)
h=H+0+75%hs + ..., (9)
a=U+0+703 + ... (10)

where capital letters are used to denote the O(1) flow. For the disturbance we write

¢' = 0+n¢] + 0’y + ..., (11)
K =0+nhy +0°hh+ ..., (12)
u' =0+ nuf +nPuh+ ... (13)

3.2 Mean flow

The mean flow that we are applying is that of a line vortex:

® = ecal, (14)
U= %697 (15)
H’y—l 2.2 2
2 = constant — — 2a . (16)
v-—1 2r

Here ¢ is a non-dimensional parameter determining the strength of the vortex. Throughout
this work will neglect terms O (52). Hence (16) becomes simply H = constant. We have
non-dimensionalised on ¢ the constant undisturbed wave speed, and a the radius of the
cylinder. Note that the maximum mean flow occurs on the cylinder where [U| = ec, so the
non-dimensionalisation is such that € is a ratio of mean flow speed to wave speed (a Froude/
Mach number). The circulation I' associated with the line vortex is I' = 2mweca. Note that
the chosen mean flow is incompressible, V - U = 0.
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3.3 Linear waves
The O(n) continuity equation is found from (1) to be
on
ot

where we have used incompressibility of the mean flow, and that H is constant. The O(n)
Bernoulli equation is found from (5) to be

+U- VK + HV?¢| =0, (17)

H o
" 1
hl""&i("‘ T —U~V¢'1>. (18)
Combining these equations we find
02¢I 8v¢l
202 4/ 1 1 N _
Neglecting O(e?) terms this becomes
82¢l av¢/
202 4 1 ]
- —92U.- = 20
Vv ¢] an ( at 07 ( )
or in polar coordinates
0% eca 0%
272 41 1 9 1 __ 21
VO Be T PT avar =
In the case of no mean flow, ¢ = 0 and this reduces to the familiar wave equation.
We can define the local energy density E by
CQhIQ H|ul |2
E=——L4+—1 22
2H 2 (22)
Using equations (17) and (18) the energy equation can be derived:
OF VU + vUT
O v (BU+ ) :—Hug(_-%-—) . (23)

3.4 Terms of second order in wave amplitude

On the whole we shall not be concerned with second order terms, but they are important
when calculating the force on the cylinder. The quantity of interest is the time averaged

pressure

h= _ o (V=1 oy 07m | 2170 3
p=—h"=2H"+n —Q—COH'Y_ WE+ cGH  Thy | + O(n°). (24)
v Y
The time averaged Bernoulli equation (7) implies that to second order we have
Y222 H P + O = constant — U T — S]] P 25
5 i 4 19 = constant (1)) 2|u]| . (25)
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Hence we can rewrite the averaged pressure as

ﬁzconstant+172( h'Q———I 1| —HU- 112)‘*'0( 3). (26)

2H

Note that without a mean flow (26) gives the O(5?) pressure purely in terms of first order
quantities. With a mean flow, Uz (a second order term) must also be specified to calculate
the pressure. To O(e) we have from (18) that

a /
wp = 2 (( g;) ;ZU v¢1) 27)

Hence the time averaged pressure can be written in terms of the velocity potentials as

ﬁ—constant+n2H( 1 <36¢:f> | d)’l + 12 a(;ilU-qu’l—U-V@) +0(n%). (28)

The second order term we are interested in is ¢o, and since its term in the above
expression is multiplied by U we may neglect O(e) terms in its solution. From the time
averaged continuity equation (6) we find neglecting O(e) terms

HY W =-V- (W) (29)

Now by time averaging the energy equation (23) we find that V - (h’luﬁ) = O(e). Hence,

the leading order governing equation for ¢, is simply Laplace’s equation V¢, =

4 Eigenfunction solution

We will seek time harmonic solutions to (20) of the form ¢}(x,t) = ¥ (x)e™**, where w is
a chosen constant angular frequency, and the real part is assumed. (20) then reduces to

AV 4+ W + 2iwU - Vip = 0. (30)

Let ko = w/c, the constant wavenumber at infinity where the mean flow is absent. Then
this can be written as

U
V2 + kot + 2iko— - Vi =0, (31)
or in polar coordinates as

2 226]{:000,?_'(/:
Vi + k2 + T 30

which in the case of no mean flow is the familiar Helmholtz equation.
(32) can be solved by separation of variables. Let ¢(x) = R(r)©(#). Then

=0. (32)

r’R"+ 1R + (k3r* = M)R =0, (33)
0" + 2ieks0a® + 2?0 = 0. (34)
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where ) iIs a constant. These have solutions of the form

R(r) =H" (koor), (35)
@(0) :ei(:}:/\—ekooa)ﬁ. (36)

where H,,]’g)(z) are Hankel functions of the first and second kinds of order v. Since we must
have a single valued function of 8, we have that A\ = +(m + ekya), where m € Z. Also,
since H(_l,}Q)(z) = e V™ 51’2)(z), the eigenfunctions of (32) are thus just HT%’Q)(koor)eime,
where m = m + ekoca. As we are solving a self adjoint problem these eigenfunctions are
orthogonal and we can express the general solution in terms of these eigenfunctions as

P = <Am HY (koor) + B Hfh?)(koor)) oimé (37)

meZ

for constants A, By to be determined.

4.1 Green’s function for a point source

Consider a point source at xg = (r¢,6p) in polar coordinates. The governing equation for
the Green’s function G(x,Xg) is

2ieksoa Qg

5o = §(x — xg). (38)

VG + k3G +
Using the eigenfunction expansion (37) it can be shown that

(koonin)H/(])(kooa) - Hf',i)(koormin)H;i(,,Q)(kooa)

m H(l) (koo'r'max)eim(e—eo)a
H W (kooa)

m

(2)
1 H:
Glx,x0) = 5= > =™
" mez
(39)

where mypax = max(r,79), Ty = min(r,7¢). An alternative expression for G(x,xg), easier
to compute numerically, is

G(X./X()) _ 1 Z ']7;’(koormi”)y;%(kocfg)— }ﬁh(ﬁfoormin)z];h(kooa/) H7(ﬁl‘)(koo,rmax)eim(e—%),
meZ Hm (koca)
(40)
where J,(z) and Y, (z) arc Bessel functions of first and second order respectively.

Note that since the problem is self-adjoint, the Green’s function satisfies a reciprocity
relation G(x,x¢) = G*(xq, x), where * denotes complex conjugation. Since G*(x,X¢) satis-
fes Yickooa G

P t€Koot
VG + ki G — T 59
then the reciprocity relation can be simply stated as: the field at x due to a point source at
Xq is the same as the field at xg due to a point source at x with the direction of the vortex

= §(x — xo), (41)

reversed.
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4.2 Eigenfunction solution for an incoming plane wave

We want to find the field due to scattering of an incoming plane wave on the cylinder. The
potential 1); for a plane wave incident from +oco on the z-axis is

ﬂh‘ — e—’ikoor cos&—iekooaG. » (42)

Note that the above expression satisfies (32) neglecting terms of O(e2). Note also that this
expression has a branch, and so € has to be defined so that —7 < § < w. Unless ekya is an
integer, 1; will be discontinuous. 1; can be expanded in terms of Bessel functions as

= 3" Tn(kr)e n/2¢me "
mEZ
- % Z (Hr(%)(kmr) + Hr('r?) (koor)) e_iﬁ”ﬂeime. (44)
meZ

To solve the problem of scattering on the cylinder by the incident wave we propose a solution
of the form ¥ = 1; + 1, where 9, is an outgoing scattered wave of the form

= 5" AnHS) (koor)e™. (45)

mEZ

Applying the boundary condition %1;{3 =0 on r = a yields

'(1 )
__ = Z ooa) + H ooa) H(~1) (koo,r)e—iﬁm/QeimG, (46)
= ’“’(kooa> ™
2 1 2
g b5 B ) ) (i) = B U B2 ) iiaprgms, (g
2 HV (kooa) '

The expression for ¢ can be rewritten as

— Z (ko) — Y (koor) Jg, (Foo) o—imm/2im (48)
o HY (L
meZ Hy ' (kooa)

which is easier to compute numerically.

The eigenfunction solutions are useful for plotting for moderate koa. However for large
koa a large number of modes m must be taken to provide an accurate approximation. Ray
tracing overcomes this restriction by providing an asymptotic theory for large kxa.

5 Ray Tracing

Ray tracing can be used to provide an asymptotic solution to (21) for a slowly varying
wavetrain embedded in a slowly varying background environment. Let

¢ ~ 2(x)e" 0, (49)
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where we will suppose the phase © is rapidly varying, and the wave amplitude 2 slowly
varying. The local wavenumber k and local frequency w are defined by

00
k=VO = ——.
, w 5 (50)
The standard ray tracing equations are then given in terms of the dispersion relation
w=Q(x,k) =ck+ U -k, (51)
where k = |k|, as Hamilton’s equations
d N dk o0
- - (52)

— = =, —_— =

dt ok dt ox
The ray tracing equations imply that dw/dt = 0, i.e. that absolute frequency is conserved
along a ray, and we will consider w a global constant along all rays. The group velocity ¢,
is given by

d ~
cg:£=Ck+U, (53)

where k = k/k. Another important consequence of the ray tracing approximation is the
conservation of wave action. Define the intrinsic frequency by @ = ck, the frequency of the
wave in a frame moving with the fluid. Then the wave action A = E /&, where F is energy
density defined in (22), satisfies

9A
S V(A =0. (54)

Note also that the energy density satisfies equipartition in the ray tracing approximation,

namely

G HuiP

u
2H 2 (55)

5.1 Consequences of the weak mean flow

For an irrotational mean flow there is a curious result which states that to order € the ray
paths are straight [3, 6]. However, there is still refraction of the wave due to the O(e)

variation in k given by
U eksoa

k:koo—k,oo7 =k — eg, (56)
where ko is the wavenumber vector at infinity for the ray in question, and ke = |keol
(Figure 2).

The phase progression along the ray is given by
0= / k-dx = / (Koo — €kooaV8) - dx (57)
= constant + (koo - X — €kooab) (58)

Since ko is in the direction of the ray, this can be written as

© = Qg+ ko (s — 59 — €a(f — bp)) (59)
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- e < —_ <

~ —
Figure 2: A cartoon of refraction of the incident wave. Two incident rays are shown, one
above the cylinder and one below. The arrows along the rays indicate the direction and
magnitude of the wavenumber vector at various points along the ray. The rays themselves
are straight, but there is refraction from the changing wavenumber vector given by (56). Far
away from the cylinder the wavenumber vector aligns with the ray direction. Note that the
wavenumber becomes larger as the ray passes the cylinder for the bottom ray, but smaller
for the top ray.

where s — sg is the distance travelled along the ray, and 6 — 6 is the angular change along
the ray.

The wave action is given by
2
AL _HE (60)

@ c
(54) implies that V - (Acg) = 0, which to O(e) implies simply

V- (2*keo) = 0. (61)

Consider an infinitesimal ray tube R with ends E7, E9 orthogonal to the ray. Note that ke
is parallel to the sides of the ray tube and orthogonal to its ends. Then by applying the
divergence theorem to (61)

0=/V-(z2koo) dV=/ 22koo -ndS~ | 2%ky -0 dS. (62)
R E> Ey

Since koo - 1 is a constant this leads to the simple result that 22dS is constant along a ray
tube.

For a plane wave incident from x = oo it follows that the incident wave field is ¢; =
e~ tkoo(z+€af) where we have prescribed that the incident wave has unit amplitude.
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U: Ccey

reflected

incident

Figure 3: Close up of reflection at the cylinder, where it can be considered locally as a flat
wall. Note that the wavenumber vectors (the small arrows) are not in the same direction
as the rays as they hit the wall.

5.2 Reflected Wave

We now consider reflection of a ray on the cylinder. Locally we can consider the cylinder
as a flat wall (Figure 3). Define new coordinates with z perpendicular to the wall and y
parallel. Let the mcan flow along the wall be U = (0,ec). Let the incident ray hit the
wall at (0,0) with angle of incidence o and the reflected ray leave with angle of reflection
B. Far from the wall the wavenumber vector of each ray is in the same direction as the
ray. Moreover, since w/c is constant everywhere, both incident and reflected wavenumber
vectors must have same magnitude far from the wall. Hence we may write

k', = koo (— cos a,sin @), (63)
ki, = koo (cos 3,sin ), (64)

for the incident and reflected wavenumbers at infinity respectively. From (56) we see that
the incident and reflected wavenumbers at the wall are given by

b= koo (— cosa,sina — ¢), (65)
b = koo (cos B,sin B — €). (66)

Hence locally we have that
v=9i 4y = zicik})»x-i-@{) + zpetKo X+, . (67)

166



Using the boundary condition %% =0 at z =0 we find
—z;cosa+ zrcos 3 =0, (68)
-04+ 65 =0. (69)

From this it follows that z; = 2. and o = 5. Hence the angle of incidence is equal to the
angle of reflection, and the reflected wave has the same amplitude and phase as the incident
wave as it leaves the wall.

s — sg/reflected

" incident

Figure 4: Reflection on the cylinder with an incident ray of angle of incidence 5/2.

We now return to the global view (Figure 4). Consider a ray hitting the cylinder at an
angle of incidence §/2. Then it hits the cylinder at (z,y) = a(cos 8/2,sin 8/2). At that
point the incident ray has phase

b = —keo(acos B/2 + eaf/2). (70)
The phase progression along the reflected ray is given from (59) as
O = Of + koo (s — s0 — €a(0 — (/2)), (71)

where s is the distance along the ray from the focus, and sg is the distance from the focus
to the point at which the incident ray hits. The focus is the point inside the cylinder from
which rays locally spread out from. Geometrically sg is found to be so = a/2cos /2. Hence
combining (69), (70), and (71) we find the phase progression along the reflected ray as

O = ko (s—%cosﬁﬂ—aw). (72)’

Rays spread out radially from the focus. z?dS = constant along a ray tube, and the
incident wave has unit amplitude. Hence we have that the amplitude of the reflected ray is

given by
_ /S0 _ [acosfB/2
= Vs 2s (73)
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Hence the reflected field takes the form

Yy = /a COQS B/Qeikoo(s—?m/Q cos ﬁ/?—ea&)' (74)
S

5.3 Diffracted Wave

To calculated the diffracted field we first go back to the problem of a point source rather
than an incoming plane wave, as we will find diffraction coefficients by comparison with the
Green’s function of a point source. We apply the geometrical theory of diffraction (GTD)
to the problem (Figure 5).

Shadow boundary 7 Grazing ray

Diffracted rays

Figure 5: Cartoon of the geometrical theory of diffraction. The grazing ray hits normal
to the cylinder and produces a surface ray. This surface ray travels around the cylinder
constantly shedding diffracted rays normal to the cylinder.

5.3.1 Incident rays

Consider a point source located at the point (rg,0) in Cartesian coordinates (Figure 6).
Consider the two rays which leave this point and hit the cylinder at right angles. Let a be
the angle between the point at which the rays hit the cylinder and the horizontal. Then the
wavenumber at infinity for this ray is given by koo = (—sin a, £ cos @) where + is the top
ray and — is the bottom ray. At the points at which the rays hit, U = xec(— sin a, £ cos ),
so that the top ray hits going with the flow, and the bottom ray hits going against the flow.
The wavenumber vector at the points the rays hit are then given by (56) as

k = koo(1 F €)(—sin a, £ cos a), (75)
or in terms of the unit vector ey as

KP = ko1 = Jeg. k™" = —hoo(1 + )ey. (76)
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Figure 6: Geometrical theory of diffraction construction for a point source. There is a
point source at () and we are observing the field at a point P in the shadow region. Two
rays paths are shown, one which involves an anticlockwise surface ray from Q; to P;, and
another which involves a clockwise surface ray from Qs to Ps.

Hence as these incident rays hit the cylinder their wavenumber vectors are tangent to the
cylinder. The phase progression along these two rays is given by (59) as

0(Q1) = koo (\/;0::2 - eaa) , | (77)
0(Qs) = koo (\/W + eaa) . (78)

The field due to a point source in free space with no mean flow has the form
e'i'n'/4 eikoo'r'
8Tkt

where 7’ is the distance from the point source. Hence the amplitude of the rays as they hit
the cylinder is given by

¥ = S (o) ~ (79)

e271'/4

2(Q1) = -
1 \/ 8Tkoor/TE — a?

(80)

5.3.2 Surface rays

In the geometrical theory of diffraction, a ray hitting the cylinder at right angles causes
the production of a surface ray. This ray is contrained to go around the cylinder, and
sheds diffracted rays tangent to the cylinder as it progresses around. On the surface ray
k = t+key. The surface dispersion relation is then

w = Qs(x,k) = ck(1 £ ¢€) (81)

which is a constant independent of position. Hence the magnitude of the wavenumber vector
is a constant along the surface ray, and depends only on the direction of travel. For a surface
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ray travelling with the flow k = koo (1 — €)ep, and against the flow k = —koo(1 + €)eg. Thus
the corresponding phase progression along the with flow surface ray is

O(P1) = O(Q1) + koo (1 — €)an, (82)

where 7, is the angle travelled around the cylinder. Similarly for the against flow surface
ray
O(P) = O(Q2) + koo(1 + €)arys, (83)
where 7y is measured in the opposite direction.
Using the GTD we assume the amplitude of the surface ray is proportional to the
amplitude of the incident ray that created it. Namely, that

25(Q1) = d1(Q1)2"(Qn), (84)

where d;(Q1) is a diffraction coefficient depending only on the curvature of the surface. In
the GTD it is proposed that the rate of decay of wave action A travelling along the ray is
proportional to the wave action. Namely, that

dA
— = —2aA, (85)
do
where o is arc length along the ray and « is a constant depending solely on the curvature
of the surface. The wave action of the surface ray is proportional to the square of the

amplitude and hence the surface ray decays exponentially in amplitude as

2°(P1) = 725 (1), (86)

5.3.3 Diffracted rays

As the surface ray travels around the cylinder it sheds diffracted rays. A diffracted ray
leaves tangent to the cylinder, so the phase progression along the diffracted rays is given by
a similar equation to the incident rays, namely

O(P) = O(P) + koo (V12 = a? - eaﬁ) , (87)
O(P) = O(P1) + koo (V17— a? + eaﬂ) , (88)

where g is the appropriate angular progression after leaving the cylinder. We assume the
amplitude of the diffracted ray is proportional to the amplitude of the surface ray which
shed it. As diffracted rays leave the c¢ylinder they spread out, and so the amplitude is
inversely proportional to the square root of the distance from the cylinder. Hence

S(P) = (koo,d/:sﬁli,Q)l/st(P])'

where do(P)) is a further diffraction coefficient dependent only on curvature, and koo is
an appropriate non-dimensionalisation factor. By the reciprocity relation of the Green'’s
function we must have that d;(Q;) = do(P1) = d, a constant. However there is still a
possibility that the diffraction coefficient d and decay coefficient o may depend on the
direction of travel around the c¢ylinder, whether going with or against flow. However, when
considering an asymptotic evaluation of the Green’s function later it will turn out that they

(89)

do not.
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5.3.4 The diffracted field

Diffracted rays are simply ordinary geometric optics rays. Combining the phase progress1on
equations we find that for the top travelling rays the phase at P is

O(P) = ke (,/rg —a?+am +Vr?—a? - ea0> , (90)

and for the bottom travelling rays the phase at P is

O(P) = koo (\/T%—a2+a72+ r2—a2+ea(2w—9)>, (91)

where
41 =60 —cos™? 2 cos™ 2, (92)
To r
yg=2m — 0 — cos™! 9 cos1 2 (93)
70 T

Combining the amplitude equations we find

e‘i71'/4 e~ 2 42

z(P) = (87k2/72 — 22— 2)1/? (94)

Hence
ba(P) = em/Ad? koo (\/rg——§+m)-—(ikoo—-aj)a(cos—l ;‘—’(—)—+—cos‘1 %)
; _(87rlc<2,0\/7“(2)—aQ\/rQ—aQ)l/Qe
% (e(ikw(l—e)—a)ae n e(ikoo(1+e)—-a)a(27r—9)> . (95)

However, note also that there are also further rays due to multiple orbits of the cylinder by
the surface ray. These rays just give additional factors of 2m= added to 6 and 27 — 6 where
m € N. These extra terms are easily summed as they form geometric series. Furthermore,
when the ray hits it excites numerous surface rays with different o; and d;. This leads to
the final expression

Z ei"/‘ld]z oikeo (\/rg——ﬁ-p\/mﬂ—(ikw—aj)a(cos‘l & teos™! %)
7 (87k2, /T8 — a2V/r% — a?)1/2

e(ikoo(l—e)—aj)ae e(ikoo(1+e)—aj)a(27r—0)
1 — e2ma(ikoo (1—€)—0;) + 1 — e27a(tkeo (1+€)—a;)

¢a(P) =

(96)

X

Unfortunately, to obtain the coeflicients a; and d; we must look back to the eigenfunction
solution.
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5.3.5 Asymptotics of the eigenfunction solution

We return to the Green'’s function solution for a point source (39). Write this as

G(x,%0) = Y Fuyekoae™ (97)
vEL
where
(2) /1. . (1) g oM ) "2) (1.
Fu _ _1_Hu (l\/oo'r'mm)Hu (lbooa) HV (’”oormm)HU ('l”ooa) Hz(/l)(koormax)- (98)

- 8i Hll,(l)(kooa)

Let F(v) be the function which gives analytic continuation of F, to all complex v. Then
by performing a Watson transform we may write

i eiu(0—7r)
G(x,%0) = —= F ksoa) d 99

(x,%0) 2?5 sinvm (v ehoca) dv, (99)
where I' is a contour around the real axis. Exploiting the fact F(v) = F(—v) this integral
can then be rewritten as

G(x,x0) = = F(v + €kgoa) + F(v — ekeoa) dv. (100)

2 J_ooyis Sinvm sin v

J /'00+i5 eiu(()—ﬁ) e—iu(0—7r)

where § > 0, with the contour being just above the real axis. Consider the integral I+
defined by

00410 Fiv(f-—-7)
+ ¢
I= = / F(v + ekyoa) du. (101)

—ootis SIDYT

We close the contour in the upper half plane. Note that this can only be done in the
diffracted region. The only contribution to the integral comes from residues in the upper
half plane. We get residue contributions wherever H ,;(l)(kooa) has zeros, where I = vdekooa.
For large U, kooa the zeros of Hy(kooa) are given by

3
D~ koot — (k—m-"-’)l/ "3y, (102)
7 oot 2 ij

where q} are the roots of the derivative of the Airy function, Ai’(q;-) = 0. Hence

1/;-t =0 F €hooa ~ koca(l F€) — <—°29g> em/qu. (103)
The poles are in the upper half plane, and are all simple so we find
+ivE (0—7) ' (kooa)
+ 7" e M. L)y, vy \T©
I~ “zz mﬂ,;j (koor0) Hy, (koor) — FEIY (104)
i T ar; o, (kooat)
The factors in front can be rewritten as
e-HI/j'(()—ﬂ) B 2‘1',(‘,1"/;0 e—il/j— (6—m) B 2ieiu]7_(27r—0) (105)
sin l/;_ﬂ' B o2 1’ sinv; m B MYy _q .
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Since U ~ kyoa, for large U, koor the Hankel function has asymptotic form

1 2 ikoo 2_ N2 i, -la
ngj)(koo"')’\’ ey r2_a2ez Vr2—a?—ii; cos 277/4 (106)

and Hé;)(kooro) will have a similar asymptotic expression. It can be shown that

(107)

HL(].Q)( hoot) PSS (kooa> 1/3
(1 - 2
55, (ko) ar(—q)) (i(g))) \ 2
Combining all these expressions, and comparing with GTD solution (96) eventually yields
the diffraction coefficients as

e5iT/6 1 o\ 1/3
aj = — <—°—2‘3—> g, (108)
_ nim/24 1/6
d; = © : (k""“ . (109)
(2m) /4 (=i /2 Al \ 2

Note that g; is real and negative, and Ai(g}) is real.

5.4 The diffracted field of an incident plane wave

Now the diffraction coefficients have been found, the case of an incident plane wave can be
solved by a similar construction. The corresponding solution is

2
dj

ba ZZ zkoo\/rz—a ~(ikoo—aj)a(m/2+cos™? %)
j (kooV/? — )12

e(ikw(l—e)—aj)ae e(ikoo(1+e)—aj)a(27r—0)
X . ~ + . (110)
1 — e27a(tkoo (1~€)—ay;) 1 — e2ra(ikeo(1+e)—0y)
6 Fresnel Region
We return to our governing equation
2iekooa OY
2 @0y
V23 + k2 + Y 0. (111)
Note the substitution ¥ = pe~**= yields simply
V2o + k20 =0, (112)

the Helmholtz equation for ¢ to O(e?). This reflects what we have been seeing in our ray
calculations so far: the effect of the O(e) mean flow is simply a phase shift determined by
the angular procession of rays around the cylinder.
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Shadow boundary

GTD Geometric Optics

v
Shadow boundary

Figure 7: Cartoon of the different asymptotic regions. There is a further asymptotic region
in the neighbourhood of the point at which the grazing ray hits (the Fock-Leontovich region)
which we have not solved for.

At the shadow boundary the geometric optics field is discontinuous. Moreover, the GTD
solution blows up at the shadow boundary. On the shadow boundary the solution takes the
form of a Fresnel integral which we now derive (Figure 7). Solving for the Fresnel region is
equivalent. to solving for the field due to an incident wave past a flat screen. It is important
to note that the Fresncl solution has no knowledge of the curvature of the surface.

Consider the ray which hits the top of the cylinder defining the shadow boundary. Far
above this shadow boundary the field is dominated by the incident field, which takes the
form 1t = e e ~ickooal Thig motivates scarching for solutions to (111) of the form

d) — ,Ue—ikoof—iekooaﬁ (113)

along the shadow boundary. We are solving in the left half plane for a wave coming from
the top, so § must be defined so that 7/2 < § < 37/2. Substituting in to (111) yields

Vpg — 2ikocUz + Uyy = 0. (114)
Introduce boundary layer variables ¢’ = ~z, ¢/ = kééQ(y — a). This boundary layer scaling

implies that far away enough from the cylinder the Fresnel regions fill in the shadow region.

(114) becomes
Ugrar + 2thagUgr 4 kooUyry = 0. (115)

Hence expanding for large ko we find the leading order term g is given by

2tvge + Voy'y' = 0. (116)

This is the paraxial wave equation. We introduce a similarity variable n = y’/ac’l/2 and let
vg = f(n). The above then reduces to ’

" —inf =0 (117)
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As we go out from the boundary layer we want the solution to match on to the incident
field for y > a and to go to zero for y < a in the shadow region. This allows us to give the
final solution for the top Fresnel region as

- , 1 e in/4 k1/2( —a)
f _ —tkeoz—ickocal | = oo \Y
d)top =€ (2 + \/_2- Fr ('—_\/_?I , (118)

where 7/2 < § < 37/2 and Fr is the Fresnel integral defined by

¥4
Fr(z) =/ e™t*/2 gt (119)
0

A similar derivation for the bottom shadow boundary leads to

¢f — e—ikooz—iekooaﬂ 1 + e—iﬂ’/4 Fr %2(-—61 _ y) (120)
bot 2.0 2 V—1zx ’

where it is important to note that # is defined in this expression so that —37/2 < § < —7/2.

We now have three asymptotic expansions which are valid in three different regions:
the geometric optics solution is valid outside the shadow region, the GTD solution is valid
inside the shadow region, and the Fresnel solution is valid in a neighbourhood of the shadow
boundary. From these we can construct a uniformly valid solution by forming a composite
expansion, and such a solution is plotted in Figures 8 and 9.

1 THRY NRERERNT [HTH1 L
AR RN i
(iRt RRRRRERRR AT il
r'!fg;”;*i i Sl &

‘ i ? " } ) ’ K s ¥ ,\{;‘ ERT ‘d‘;‘ i 3
HROBBUI ARG LL tHiHLIN )

HORREDUU TN R 1R
Pttt R i
et i il iy

Rt R ARG R R AU H TR il

Figure 8: Plot of potential ¢ with ¢ = 0, koca = 10. Left picture shows the eigenfunction
solution, right the ray tracing solution. The two plots are remarkably similar, demonstrating
the effectiveness of the ray tracing approximation. In the ray tracing solution there is a
small numerical problem along the shadow boundary.
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Figure 9: Plot of potential ¢ with e = 0.25 (left picture) and € = 0.3 (right picture) and
ksoa = 10. Notice that refraction causes wavefronts to be out of phase on the left of the
cylinder on the left picture, but in phase on the right picture.

7 Force on the cylinder

We arc interested in calculating the time averaged force F on the cylinder. This is simply
given by integrating the time averaged pressurce around the cylinder

F= —/ pndS = — / p(cos 8, sin f)a db. (121)

-7

where P is given by (28). The previous sections were devoted to solving for ¢f, but to find
the force at second order in wave amplitude 1 we must also specify ¢g. To the order we
are concerned with ¢y is the solution to Laplace’s equation. The boundary condition on
r = a is simply us - n = 0, but the question of what boundary condition to apply at oo is
harder to answer. We could apply 113 = 0 at oo, i.e. no Eulerian mean velocity at second
order. However, this would imply that there is still an O(n?) mass flux past the cylinder
given by 7')2W; the Lagrangian mean velocity is non-zero. This phenomenon of net mass
flux is known as Stokes drift. A perfectly acceptable alternative way of setting the problem
up would be to demand no mass flux past the cylinder, i.e. no Lagrangian mean velocity at
second order. There is no single “right way” of choosing the boundary condition on uy at
00. Once we are given the constant velocity at infinity, U2 ~ Ugoo(cos o, sina) as r — oo,
Laplace’s equation has the classical solution

2
%:m<r+%> cos (6 — a). (122)
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7.1 Force calculation by ray tracing

It is straightforward to calculate the force from the ray tracing solution. The dominant
contribution to 1 comes from the side of the cylinder on which the wave is incident (“the
bright side”), and there the field is given by geometric optics as the sum of the reflected field
and the incident field. On the cylinder the reflected field has the same phase and amplitude
as the incident field. Hence on the bright side of the cylinder

,(/) — 26_2e—ikooa(COS 0+69), (123)
w

where we have inserted ¢?/w, an appropriate dimensional factor. We calculate each term in
the time averaged pressure (28) from (122) and (123):

1 [0¢] 2_ 1 0P T O\ WP o
5’2(‘5{) @\ a )T = (124)
—%Iwﬁ’ll2 = —zll-Re (V¢ -Vé)) = —%NW = ¢? (—sin® 0 + 2esin) (125)
1 3, R o' N1 .
?WU V¢ = Q—C—Q—Re 51 U-V¢) | = 2—62Re (iwyp*U - Vo) = —2c’esinf,  (126)

~U - Véy = 2¢Clizg sin (0 — @) , (127)

where we have used the identity AB = Re(A*B)/2. Thus the time averaged pressure on
the bright side of the cylinder is

P = constant + n?Hc? (cos2 6+ 26“2700 sin (6 — a)) + 0@, -m/2<6<m/2. (128)

On the dark side of the cylinder there is no leading order contribution from the linear waves,
but there is still a contribution from the U - V¢, term:

-1 <6< —-7/2,

r2<f<n 12

P = constant + n? Hc? (0 + 26“—262 sin (6 — a)) + O(1%),

Integrating the time averaged pressure around the cylinder we find the O(n?) time averaged
force is given by ‘

™ R
F= —/ p(cos 0,sinB)a df = n?Hc?a ((—4/3,0) - 267ru2—°°(-— sin a, cos a)) ,  (130)

- c

or in terms of the circulation I = 27eca,

F = 7? (Hca(—4/3,0) — Hugsl'(— sine, cos a)) (131)

where the last term can be recognised as the usual expression for the Magnus force due to
flow past a cylinder.
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7.2 Force calculation by eigenfunction solution

We can also calculate the force using the eigenfunction solution (48). After some algebra,
we find
F = n* (Hc%a(S(ksoa),0) — Hitgool'(— sin @, cos @) , (132)

where S(z) is a real valued function defined by

—1)
(2)=— Z . (133)
meZ /(l Hm )](Z)

Note that S(z) is independent of e so that the only O(e) contribution to the force is still the
Magnus force term. Also, by comparison with the ray tracing solution we have S(z) — —4/3
as z — 0o. The form of S(z) agrees with a similar calculation for the acoustic force on an

elastic cylinder given by [4].

8 Conclusions

To O(e) we have found expressions for the field resulting from the scattering useful for
both small kxa (the eigenfunction solution) and for large kya (the ray tracing solution).
The effect of the O(e) circulation is simply to add phase shifts in appropriate places in the
calculation, and importantly it does not change the diffraction coefficients.

The O(e) force has been calculated. It is important to note that we now have to specify
parts of the O(n?) problem which we didn’t have to consider in the no mean flow case.
However, the only O(e) contribution to the force turns out to be a Magnus force due to the
mean Eulerian flow nTigeg past the cylinder.

To solve the O(€?) irrotational problem requires a lot more work. Firstly the governing
partial differential equation is no longer separable. When calculating diffraction coefficients
comparison with the eigenfunction solution was essential, and so this is an important stum-
bling block for application of the geometrical theory of diffraction. To O(e?) the rays are
no longer straight, and so also we lose a lot of the geometrical considerations which made
the O(e) mean flow problem so similar to the no mean flow problem.

A probably tractable generalisation of this problem would be to look at the case of a
rotational mean flow at O(¢e). Here the rays arc still no longer straight, but the ray curvature
can be expressed simply in terms of the vorticity of the mean flow [3, 6].
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Fluctuations in chemical reactions in a large volume

Khachik Sargsyan
July 18, 2006

1 Introduction

Chemical reactions are very often modelled by ordinary differential equations, where the
concentration of a particular particle evolves according to a deterministic law. But, in order
to be able to answer several questions where the discreteness, hence the intrinsic fluctua-
tions play a role, one nceds to describe the system by a stochastic model. We assume
the chemical system to be well-stirred, so that all the particles are distributed in space
appropriately uniformly. Also we assume the number of reactions occurred to be Poisson-
distributed, i.c. the waiting times between different reactions are distributed exponentially
with given rates. This is, in a nutshell, the essence of the Kinetic Monte Carlo (KMC) mod-
els of chemical rcactions. These models are discrete and non-deterministic, as opposed to
the deterministic, continuous modcls governed by Ordinary Differential Equations (ODE),
and the non-deterministic, continuous ones, governed by Stochastic Differential Equations
(SDE). The last two models, are simpler and can be obtained from the KMC in certain
limits.

The drawbacks of the deterministic description are well-known. It leads to no fluctua-
tions, a very important characteristics in certain cases. The model governed by SDE is the
so-called diffusion approximation of the original system. It is a non-deterministic model,
hence it detects the intrinsic fluctuations. However, it may not be good enough, if we are
concerned in the exponentially large (small) variables and/or we deal with exponentially
unlikely events. We will consider the Schlogl model as the simplest model with bistability
(two stable equilibriums predicted by the deterministic description) and, as an example of
an exponentially large observable, we will consider the switching times between two stable
states. On that example it will become clear why the diffusion approximation governed by
SDE is not satisfactory.

This report is organized as follows: first, in Sec. 2 the Schlégl model is introduced as a
deterministic one. Next, in Sec. 3, we will introduce the KMC model, where the number
of particles evolves as a Markov jump process. In the Sec. 4 we will show how to get the
simpler descriptions (ODE and SDE) as large system volume limits of the Markov jump
process. Also, in order two motivate the use of the exponentially large observables, we will
introduce the simplest theorem in the large deviations theory, in Sec. 5. Afterwards, in Sec.
6, we will apply the introduced ideas to the Schldgl model, emphasizing the calculations of
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the mean first passage times, that are exponentially large, hence reveal the the -drawbvacks
of the diffusion approximation. Finally, the Sec. 7 will be devoted to a short discussion and
conclusions, as well as future work.

2 The Schlogl model and its deterministic description |

Consider the following chemical reaction, introduced by Schlogl [1] as a catalysis model:
k1 |
2X+A = 3X

2
) (1)
X 2 B.
ka

We denote the number of particles X, A and B by the corresponding letters. Then, keeping
A and B fixed and of the order of the system volume V', we are interested in the evolution
of X. k; are the rates of the corresponding reactions in (1).

The simplest description of the system is the deterministic one, where the concentration
x = X/V is a deterministic, continuous variable, time evolution of which is governed by the
ODE:

dx
i u(z) — d(x). (2)

Here we denoted u(z) = k122 + k4 and d(z) = koa® + k3.

For appropriate choice of parameters, the function f(z) = u(z) — d(z) has three real
roots: the middle one corresponds to the unstable equilibrium, while two others are the
stable equilibrium values. See Fig. 1. Hence, depending on the initial value, z will expo-
nentially approach to one of the two stable equilibriums, see Fig. 2. In a certain sense, the
Schlogl model is the simplest one that leads to the bistability. Third order polynomial is
normally the first choice, if we want to have a function of three real roots.

Although the deterministic model is simple to analyze, it is a good approximation to
the real, discrete system only in the limit of large volume and for finite time intervals [2, 3].
It is not able to answer to questions related to the stochastic behaviour of the system,
namely, the intrinsic fluctuations of the system are not detected. Consequently, it leaves
open the question of relative stability: near which of the two stable equilibrium states we
are more likely to find the system at a randomly chosen time? The system spends most
of the time near one of the equilibrium states, but fluctuations can sporadically drive it
to the neighborhood of the other equilibrium. In order to analyze the intrinsic fluctuative
behaviour of the system, we will next introduce the discrete stochastic model (Kinetic
Monte-Carlo scheme) according to which the chemical reaction happens.
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The right hand side of the deterministic equation
6 . : . 1 r T T

u(x)—d(x)

-2}

-4t

-6 1 L 1 1 1 L L
3

Figure 1: The deterministic rate u(x) — d(z) for u(x) = 622 + 6 and d(z) = 23 + 11z, i.e.
k1=k4=6,k2=1andk3:11.

Figure 2: The time evolution of z(t). Depending on the initial value, it approaches one or

the other equilibrium state.
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3 Discrete model as a Markov jump process (Kinetic Monte
Carlo)

The reaction (1) can be rewritten as:

x " x 41
(3)
x 2% x 1.

Here the rates of moving “up” and “down” are, correspondingly,

k
U(X) = %X(X 1)+ kaV and D(X) = ZEX(X =X D) +ksX. (4
Recall that, without loss of generality, we absorbed A and B into the system volume V.
Hence, our model is one-step Markov jump process (see [4]) and is governed by the
following Master Equation (forward Kolmogorov equation) for the probabilities P(n,t) =

P{X(t) = n}:

8P(n, 1)

s = U(n=1DP(n = 1,0) + Dn+ DP(n+1,1) = (U(n) + D(n))P(n,1) =

= (‘C*P)(nat)a (5)

where £* is the adjoint of the generator L of the process. The generator of a Markov process
X (t), by definition, is the operator

(£1)(m) = lim B XB) = F(X (@)X (0) = n) (6)

t—0 t ’

which for one-step Markov jump processes takes the form
(Lf)(n) =U@)[f(n+1) = f(n)]+ D(n)[f(n - 1) - F(n)]. (7)
The generator defines the Markov process completely. Also, if we define
v(n,1) = E[f(X(¢))|X(0) = n] (8)

for any observable f(n), then v(n,t) solves the partial differential equation (backward Kol-
mogorov equation)

v = Lo ' 9)
with initial condition v(n,0) = f(n), see [5].
4 Large system volume limits

In order to analyze large system size limits, let us pass to intensive variable z = n/V = en.
In terms of z, the generator has the form

(Lef)(@) = € u(@)[f (@ +€) — F(2)] + € de(@)[f( — €) — f()). (10)
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Here
uc(x) = eU(z/e) = k1x(x —€) + kg = u(z) + eus ()

and
d(z) = eD(x/€) = kox(z — €)(z — 2€) + ksz = d(z) + edy (z) + O(e?).

Hence, the leading order rates are, correspondingly, u(z) = k12?2 +k4 and d(z) = kox3 + k.

The Markov process corresponding to the generator (10) is the same as in the original
model, only with the rates and jump sizes rescaled by e. Instead of working with the Master
equation, we will explore the generator L, itself, i.e. the backward form

v, = Lev. (11)
Expanding the gencrator (10) in the small € limit leads to
(Lef)x) = [u(z) = d(x)]f'(z) + elus(z) — di ()] (2) + -;- [u(@) + d(2)]f" () + o(¢?).
To the leading order, we get the differential operator
(Lof)(@) = [ulz) — d(@))]f () (12)

corresponding to the deterministic description (2), discussed in Sec. 2.
To the next order O(¢) we obtain the backward form of the Fokker-Planck equation (see

6]
(Lrpf)) = o) = d(@)]f"(@) + el (2) = dy@)F (@) + 5 [ule) + d@)" (@), (13)

which leads to a stochastic differential equation for z(t):
dr = [u(z) — d(x) + e(ui(x) — dy(2))]dt + Ve(u(z) + d(z))dW. (14)

This corresponds to the diffusion approzimation of the process, with drift u(z) — d(z) +
€(u1(z) — di(z)) and diffusion e[u(z) + d(z)]/2.

In contrast with the deterministic description, the diffusion approximation takes the
fluctuations into account, but it is not good enough if we are dealing with rare events, that
arise when we calculate exponentially large (small) observables. In the next section we will
introduce basic large deviations ideas, in order to qualify “rare events” in a more formal

way.

5 Large deviations principles

5.1 Large deviations principle for random variables

Let us start off with the large deviations principle for the random variables. Suppose we have
independent, identically distributed random variables 2; with the common mean Ex; = m
and moment gencrating function M (6) = E e,
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The well-known law of large numbers states that the average of these variables goes to
m in probability as the ensemble size goes to infinity:

1+ ...+2xTyp P
_
n

as n — 00, ‘ (15)

hence, for any a > m,

P{x1+...+xn

- >a}——+0 as n — 00. (16)

Ox

The natural question arises: what is the convergence rate in (16)? Since e’® is a monotone

function, we have
P{zi+..4+zp>na} =P {ee(‘”1+"'+m") > eona} < e~ flarttan) (17)

The last step is just an application of the Chebyshev’s inequality. By independence, we get
P{r, + ..+ z, > na} < e "IM(O)" = ¢~ n(fa—log M(6)) for all 6. (18)

Since (18) works for all @ we can define the action (rate) function l(a) = sup{fa—log M ()}
0

to obtain a stronger inequality:
P{z1 + ...+ zn > na} < e ™, (19)

The basic theorem in the large deviations theory states that the bound in (19) is sharp,

namely,
ZlogplZr T m ~ — 2
—log { - > a} l(a) (20)

asn — oo. See, say, [7, 8]. We say that the exponentially unlikely event {z; + ... + 5, > na}
satisfies the large deviations principle with the action function l{a).

5.2 Large deviations expansion

We will look at an observable v(z,t) = E[f(X(t))|X(0) = z] with f(z) = e9()/¢ for some
function g(z). This motivates the ansatz v(z,t) = e#@%/¢. We plug it into (11) and expand
the nearby values of the exponent ¢(z,t) to obtain, in the highest order €=, the partial

differential equation
¢ = u(z)(e? — 1) + d(z)(e™% 1) (21)

with initial condition ¢(z,0) = g(z).

.From the other hand, if we used the diffusion approximation with its generator Lrp
before applying the WKB ansatz above, then we would get, again in the leading order €™,
a wrong PDE for the exponent function ¢(z,t), namely,

u(z) + d(z)

9 (22)

¢ = [u(z) — d(z)]¢s +
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Therefore, if we are interested in exponentially large observables with the exponent of
O(e7!) = O(V), then the diffusion approximation, hence the corresponding SDE (14) lead
to a systematic error in the exponent function ¢(z,t).

We may go to the next order by taking ¢(z,t) = ¢o(z,t) + epy(z,t). Then ¢o(z,t)
satisfies (21), whereas ¢ (x,t) can be expressed as ¢1(z,t) = In z(z,t) with 2(z,t) satisfying

1= 2 (u()el®0)r 4 d(a)e0)) + H0z (a0 gageo0), (a9)
which can be solved, as soon as ¢q(z,t) is found explicitely.

5.3 Moderate deviations expansion

Let us now look at an observable of the form f(z) = e9®)/% with 1 3> § > ¢, so we are
dealing with moderate deviations, as opposed to the large deviations, where we had § = e.
One can think of 6 = ¢® with 0 < a < 1. This will motivate the moderate deviation
ansatz v(z,t) = e?@H/% which, with both the correct generator £, and the Fokker-Planck
generator Lpp in the backward equation, leads, in the first two orders, to the same equation
for the exponent function ¢(z,1)

b+ (ulz) — d(a)g, + < HEEAD g (24)

with initial condition ¢(x,0) = g(x), as before.
Thercfore, we can claim that the diffusion approximation is good enough in describing
up to moderate deviation events. At least, it gives the correct exponent (action) function.

6 Solving for the action function

6.1 Classical mechanics interpretation

We will focus on the Jarge deviations case v(z,t) = e?®!/¢ leading to the equation for the

action function ¢(x,1)

¢ = u(x)(e? — 1)+ d(z)(e™® - 1) (25)

with initial condition ¢(z,0) = g(x).

Notice that this equation is of the Hamilton-Jacobi form ¢, + H(z,¢,) = 0, hence
can be solved by the method of characteristics. The (z,t)-plane is being covered by the
characteristics (rays), and the evolution of ¢(z,t), as well as z, is tracked along these
characteristics according to a system of ODE, see [9, 10].

First, we read off the formal Hamiltonian H(z,p) = u(z)(e? —1)+d(z)(e™? —1), and the
momentum is introduced by p = ¢, The corresponding Lagrangian can also be calculated:

L(’ d”") = 30  +(§)" + ul)dle ") )+ d(r)— \/<d—"’)2+4u(x)d(x). (26)

dt dt 211( ) dt
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Figure 3: The phase portrait of the Hamiltonian system corresponding to the Hamilton-
Jacobi equations for the action function ¢(z,t).

The system evolves along the characteristics H = const according to the Hamiltonian
system of ODE
% = u(z)eP — d(z)e?P

(27)
%% = —u(z)(e? - 1) — d'(z)(e7P — 1)
while ¢(z,t) evolves by
d¢ de dr
i ¢t+¢xa = —H(z,p) tpg =
— 1 (05w = u@)oe -+ ) - d)per + -1 ()
Also, by Hamilton’s principle, ¢(z,t) solves the variational problem
¢
(z,t) = inf { / L(, dz/ds)ds + g(z(0)) } , (29)
0

where the infimum is taken over all C[0,#] functions z(-) with z(t) = z.

6.2 Switching times in the Schlogl model

For the Schldgl model, H = const paths are shown in Fig. 3. Using the phase portrait of the
corresponding Hamiltonian system, the solution ¢(X,T") of Hamilton-Jacobi equation with
an initial condition ¢(x,0) = g(x) is obtained in the following way. We take the vertical
line z = X and trace all the points backward for time T". That will give an “initial” profile
f(z,p) = 0 of the points that lead to X at time T". The intersection of this profile with the
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real initial curve p = ¢'(z) will give the initial value (in fact, there could be more than one
intersection points), therefore, the correct characteristics, leading to the point X in time T
This is the essence of the “shooting” method [9].

As mentioned in Sec. 2, one of the most important questions for bistable systems is:
which of the stable states is more stable? To answer it, we should compare the mean first
passage times (called switching times) from one stable state to the other.

Mean first passage time T'(x) from a state = to a fixed state x; solves the backward
equation —1 = LT(z) with the appropriate boundary conditions [4, 5]. For the one-step
jump Markov processes the mean first passage times can be calculated exactly from the
backward master equation and it leads to the large deviations asymptotics of the form e®(®)/¢
for some action function ¢(z). In general, deterministically forbidden switches between two
states (in the deterministic case, see Fig. 2, switches that have to pass through z = 2
are not allowed) are large deviation events. The large deviation analysis applied to the
—1 = LT(z) (as opposed to (9), discussed above) now will lead to the time-independent
Hamilton-Jacobi equation

0 = u(z)(e? — 1) +d(x)(e™® —1) = H(z, ds). (30)

Therefore, large deviation paths on the phase portrait are the ones corresponding to H(z, p) =
0. These are the heteroclinic connections, and they correspond to p = 0 and p = log 5—%,
as can be seen in Fig. 4. From (27) one can see that p = 0 leads to the deterministic
description ¢ = u(z) — d(z), where the switches between the first and third equilibria z;
and x3 are not allowed (in order to go from one to the other, the path necessarily leaves
the axis p = 0). To switch from z; to a3, while staying on the H = 0 curves, the system
has to “cimb” the non-deterministic path zi-to-zo and then follow the deterministic one,
x9-to-ay on the x-axis. Similarly, the switch from z3 to x; has to go through the “valley”
r3-t0-2:9 and then follow the deterministically allowed path on the x-axis, zo-to-z;.

By (28), the exponent (action) ¢13 = elog Ty for the switching time T3 from z; to x3

can be found by

' dx 2 *2
¢13 = / -H + p—T dt = / pdr = / log d(z) dr = the area Sj, (31)
df T ) 'LL(T)

01

since p = 0 on the second part of the path and H = 0 throughout the whole path. Similarly,

= ul)
@31 = / pdr = / log ——= dr = the area S5. (32)
z3 w  d@)

For instance, from the Fig. 4 we can see that in this particular parameter regime
S1 > 59, hence T13 > T3;. Since it takes longer to switch from z; to x3 than vice-versa, we
can conclude that the first equilibrium is the more stable one.

The important point here is that if we used SDE to model the chemical reaction (or,
equivalently, if we used the diffusion approximation before the large deviation ansatz), it
would not give the correct Hamiltonian, hence the switching times would be miscalculated.

Also, the parameters k; can be tuned so that the two stable equilibriums are equally
stable, and there arc certain parameter regimes where the diffusion approximation gives the
opposite, wrong answer to the relative stability question.
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X
Figure 4: The H = 0 curves are heteroclinic connections. They correspond to p = 0 and
p=log —3%. Parameters are picked so that z; = ¢ for i=1,2,3 are the equilibrium states.

7 Conclusion and future work

In this report we have introduced the Kinetic Monte Carlo modeling of chemical reactions,
paying particular attention to the benchmark bistable system - the Schlogl model. The
main reason of using KMC is that the simplest, deterministic model of a chemical reaction
is not satisfactory at all as we are interested in fluctuations in concentrations. We have
also discussed the SDE approach to the problem and have shown that it is not able to cor-
rectly answer questions concerning large deviation events/observables. If we are interested
in exponentially large observables (e.g., switching times between two states that are nor
reachable from each other in the deterministic case) with the exponent proportional to the
volume of the system, then SDE approach gives a systematic error in the exponent function.
The reason is hidden in (10): we need to plug the exponential ansatz into it first and then
expand the exponent function, as opposed to the SDE approach, where we expanded (10)
to arrive to (13), and then plugged in the exponential ansatz.

In fact, the work can be carried out for general Markov jump processes with generator

k ,
(LH)n) = XM@)[f(n+e) = f(n)] (33)
i=1
and its rescaled version
k
(Lef)(@) =D e Ni(@)f(z + ees) — f(z)), : (34)
i=1
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where e; are the jump sizes (there are k possible ones) and A;(n) are the e-independent
propensity functions (rates) corresponding to these jumps. Then the deterministic gen-

erator is (Lof)(z) = [ k )\i(m)ei} f'(z) and the Fokker-Planck one is (Lppf)(z) =

i=1
[Zle )\i(a:)ei] fl(z)+ 5§ [ k /\i(:r)eﬂ f"(z). Finally, the Hamilton-Jacobi equation (25)

will be generalized as
k

o= Ni(x)(eci® —1). (35)

1=1

For the particular model, the Schlogl’s bistable system, we answered the question of
relative stability, pointing out again, that SDE approach does not answer it correctly, while
the deterministic description can not address that question at all. We have found the exact
formulae for the switching times from one stable state to the other and vice versa.

Similar questions may be posed for 2D models. The further work may include exploring
the competition models from population dynamics in a manner of KMC. Here, the SDE
approach is even more widely used, hence it is important to understand that it may not be
good enough explaining the rare events, such as, in some cases, the competitive exclusion
of one species.
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1 Introduction

The phenomenon of turbulence remains one of modern physics greatest unresolved chal-
lenges. Turbulent fluid flow exhibits an extraodinarily complex structure which manifests
itself in a wide range of length and time scales, posing a significant problem in its ana-
lytical study as well as in numerical simulation. While many aspects of turbulence are
quite controversial, it is generally accepted that turbulence is characterized by a nonlinear
transfer of energy from large length scales to smaller and smaller ones, wherein energy is
dissipated at the length scale of the molecular viscosity v [5, 6, 8]. What can then be said
about energy dissipation in the regime of fully-developed turbulence—that is, as Re — oo,
or equivalently, as v — 07

In his 1949 paper, Onsager [7] made the surprising conjecture that turbulent flow can
remain dissipative even in the inviscid limit. By transferring energy to ever smaller scales
and gradually dividing it amongst infinitely many degrees of freedom, the driving mechanism
behind such “anomalous dissipation” is the energy cascade itself! Onsager thus suggested
that the role of viscosity in energy dissipation is secondary to that of the cascade process.
The purpose of this paper is to present simple exactly solvable models which exhibit these
very features of a cascade of encrgy and anomalous dissipation, and to demonstrate that
Onsager’s conjecture is indeed realizable within this elementary framework.

1.1 Energy Balance and Onsager’s Conjecture

We begin our discussion in the context of the 3D incompressible Navier-Stokes equations
with viscosity v > 0, forcing f, and periodic boundary conditions

u+(u-Viju= -Vp+rvaAu+f, xeQ=1[0Ls? )
V-u=0
where f(x,1) is a stationary, homogeneous forcing acting on large scales:
) x—x '
Ef(x,t) =0, Ef(x,t)f(x',t") = F 7 ot —1t). (2)
S
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For our present discussion, let

+W’

f(x,t)=0 Z (sz (t) sm La: ) & (3)
which satisfies (2) with F(x) = 102 >3 | cos (27]x - €;]). Consider now the energy density
of the system

t)—-lm/ oY dx~|m/ (T%oth/t (x,t')dt'). (4)

where the last equality holds by ergodicity. Multiplying (1) by u and integrating by parts
gives

d 1

L al2ax = —
B = o ). ]E] 2dx

v— 1E|vu 2dx + € 5)

where € = %0’2, the density of the energy flux into the system through forcing, appears by
fto’s formula. Assuming the system is in a statistical steady state (E(t) = 0) then there
exists a global energy balance between forcing and dissipation through viscosity:

E|Vul%dx = ¢ | (6)

100 Jo

To arrive at a local energy balance, consider a dimensional argument with L = length
and T = time. Since

2 2
Li=L =15 b= @

the only length scale which can be derived from v and € is the viscous length scale
I, = Ce"ivi (8)

which vanishes in the inviscid limit. From a local perspective, energy that is pumped into
the system at the forcing length scale Ly cascades to smaller and smaller scales and is
subsequently removed from the system at the length scale of the viscosity I, (see Figure 1).

The cascade picture is more readily observed in the Fourier space setting. The Fourier
representation of (1) is

d . . . . :
auk = —iPy1 Z(q g )iiq — vk 2 + fi (9)
q

where Py =1— l-l‘ﬁ%k is the projection on the space of divergence-free velocity fields and

u(t) = — u(x, t)e™*dx
[o,L}?

fx(t) = —3/ f(x,1)e**dx.
Lz Jjo,L)3
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Figure 1: Cascade of encrgy from forcing length scale Ly to viscous length scale /.

The first, second, and third terms on the right-hand side of (9) correspond to the mechanism
of energy transfer between modes, dissipation at 1!, and energy input at L;], respectively.
By Parseval’s identity, the energy equation is then

. d 1
- 554
"ZZP“EZ lk—q) (U - Ug) + c.C. —I/Z“(I Eliy|? + ¢

k

(10)

with c.c. denoting the (:omplex conjugate of the first term. The summands within the
encrgy transfer terms are commonly known as “triad interactions” due to the appearance of
coupling between the modes k, q,and k — q, consequently resulting in a nonlinear transfer
of energy. A formal recarrangement of the sum gives that

TZPk,LEZ Alg—q) (U - Uq) + c.c. =0, (11)

implying a global energy balance between forcing and viscous dissipation analogous to (6)
for statistical steady state solutions to 3D Navier-Stokes:

vS” KBl = e. (12)
k
Is this formal rearrangement actually valid? If we presume the existence of a steady state

solution to (1) in the inviscid limit (Euler equation with forcing) then (11) is strikingly
false! For steady state solutions to Euler, the energy transfer and forcing terms balance:

Z PkiEZ ig_gq) (U - Ug) + c.c. = €. (13)
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The fact that the sum in (13) does not vanish provides some insight into the lack of regularity
of solutions to the forced Euler equation [3, 4]. In particular, since the Fourier coefficients
of u do not decay rapidly enough to allow absolute convergence of the sum we have that
such solutions maintain shocks, which allow for the anomalous dissipation of energy. This
is the heart of Onsager’s conjecture: In the regime of fully-developed turbulence, steady
state solutions correspond to the most regular weak solutions of the 3D Euler equation
that allow for anomalous dissipation. In addition, Onsager proposed that weak solutions of
Euler conserve energy if they are Holder continuous with exponent n greater than 1/3 [5].
In Fourier space, the Holder condition is

> k|| < o0 (14)
o .

so if the previous sum is absolutely convergent withn > 1 /3 then the conjecture gives that
the formal rearrangement in (11) is valid and energy is conserved. The sufficiency of this
condition was proved in 1994 by Constantin et al. [2] but necessity still remains an open
question. : :
The loss of regularity of steady solutions to forced 3D Euler can be observed through a

dimensional analysis argument. Define the second-order structure function

E(x - x',t) = EJu(x,?) - u(x, 1), | (15)
where the homogeneity of solutions u to (1) has been used. Then
L2
Bt =5 b=L (16)
and there exists a function F such that
3 X X
E 2ex,—,— | =0.
.7:< 2¢X, Lf’lu> 0 (17)
Assuming isotropy,
B = ity (£, ) 18)
L' 1,

for some g. Since we are interested in the inertial range I, < [x| < Lj with Ly fixed,
we first let I, — 0 (that is, let v — 0) and then take |[x| — 0 to arrive at the celebrated
Kolmogorov two-thirds law

E = Ce3|x|3, (19)

where we have made the assumption that lim¢_olim,_o g(§,7) exists and is finite. In
Fourier space, the previous display is equivalent to the five-thirds law

By ~eilk|™3 (20)

with E) = Eldx|?. Using (19) and Hélder’s inequality, one finds that the velocity field is
Hélder continuous with exponent 1/3:
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Elu(x,t) — u(x’,t)| < VE(x — x',t) O(\x—xl) (21)

Formally,

BIVaG = lim, —oBluix-+y) P =y it @)
yi—

where we have used the two-thirds law and concerned ourselves with the regularity of u at
the level of the viscous length scale. It can then be seen that

E|Vul?dx ~ O(1).

19l Jq
Alternatively, since (6) is valid for all v > 0, we have that hm,,_,oz/ fQIEIVu\de = €.
Even in the inviscid limit energy is still removed by loss of regularity of Solutlons to FEuler’s
equation!

1.2 Anomalous Dissipation in Burgers’ Equation

In our discussion to present we have made several significant assumptions, such as that of
the existence of a unique steady state solution to 3D Navier-Stokes with random forcing
(which is in fact a reasonable assumption, see [1]). While Onsager’s conjecture is somewhat
speculative for the 3D or 2D Navier-Stokes and Fuler equations, it is realizable and easily
illustrated within the framework of Burgers’ equation with forcing and periodic boundary
conditions:

1
uy + —('u,Q)I = Vlgg — gsin(er), z € [0,1]. (23)

2

For v > 0, (23) admits smooth solutions with “shock layers” of size O(v); however, if
v — 0, solutions develop discontinuities which allow for anomalous dissipation of energy.
In Fourier space, the solution of (23) with v =0 is

Z by (t) sin(2nmz) (24)

nEZ

where b, () = Im 4, (1) = 2f0 x,t)sin(2nma)da and satisfies

1
b, = 2/ wy sin(2nmz)da
0

= 2/][ utg + f(z)]sin(2n7z)de (25)
= —2nw Z binbim—n — ( n=1 _ﬂ'n:—])-
mez

By Parseval’s identity and the previous display, the unique steady state solution must satisfy
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Figure 2: Dissipative solution to forced inviscid Burgers’ equation.

. d 1
Bt) =< y 51;% =~ Y 2nmbybmbn_m + mby = 0. (26)

nez n,meZ

If the sum in the previous display is formally reorganized,

> 2nmbpbmbn-m = >~ 2nwb_nbmb_n-m
n,mEZ n,meZ
=— Y 2n7bpbmb,
n+m+p=0 (27)

1
=-3 > 2(n+m+ p)bpbmby

n+m+p=0
=0.

We are then led to believe that the system has no steady state solution (with b; # 0). Yet,
it is simple to show that

w(z) = — cosTx : (28)

is a solution of (23) in the inviscid limit! How can this be?

The answer lies in the fact that w is a weak solution and rearrangement of the sum is
invalid because the coefficients b,, do not decay fast enough. In order to compensate for the
lack of a viscous dissipation mechanism, w has lost regularity and developed shocks (see
Figure 2). One has that

&
7(4n? — 1)

so b2 ~ O(|n|72). In this case, the energy of the steady state E = 3, %b% < oo and
dissipation is nonzero:

by, = — as |n] —» o - (29)
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8
> 2nmbybmbpom = mby = -3 <0. (30)
n,mez

The above example illustrates that there exist steady state solutions with finite energy
that dissipate through shocks. In the next section, we develop yet simpler models that
exhibit an energy cascade and anomalous dissipation.

2 Simple Models

Consider the following infinite dimensional dynamical system:

an = o{(n ~ DPap_1 — nPans1} + f(t)lh=1, n €N (31)
apg = 0

where @ € R, p = 0,1,2 and f(t)l,,=1 is a time-dependent forcing term on the first mode.
The system (31) describes a lincar shell model with nearest-neighbor coupling and (as we
shall see) the feature that it allows for anomalous dissipation. We will focus here on the
case p = 1 with forcing f(t) = v2eW(t) and will speculate on cases with p # 1. In the
case of white noise forcing—which has the advantage of being uncorrelated with the modes
anp—an energy balance relation analogous to (5) can be derived:

. d 1.,
E(t) = — % SEap = Q%E{(n — 1)Panan_1 — nPantni1} + ¢ (32)

and we have that anomalous dissipation is possible if

—o Z E{(n — 1)Panan—1 — nPanan+1} = aNPEayans) — e. (33)
n<nN N=o0

This requires that for steady state solutions

an ~nP? asn — oo (34)

since if a, scales with any other exponent, solutions will have either zero or infinite dis-
sipation. This is consistent with Onsager’s conjecture since steady states of the model
correspond to the most rapidly decaying {a.} which allow for anomalous dissipation! By a
simple scaling argument, one has that steady state solutions must lie on the boundary of

the weighted ls spaces

l?,p = {{an}nel\' : Z np_]a% < OO} ) (35)

neN

with no dissipation in the interior of Iy, and infinite dissipation in the exterior of lo, (see
Figure 3). The representation formula for the unique steady state with p = 1, to be derived
in a subsequent section, agrees with this picture.
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finite dissipation for p = 2

finite dissipation for p = 1

Figure 3: Spaces Iz, and corresponding rates of dissipation.

2.1 Thecasep=1

We now show how to solve the simple model in the case p = 1 with forcing f(t) = V2eW (t).
Some remarks on the case p = 2 wil be made in Section 3.
Consider the set of Laguerre polynomials L, (z) which satisfy

(i) Lo(z) =

(@) (n+1)L n+1( )= (2n+1 - 2)Dn(z) — nLn_1(z), n €N
(i)  xL'(x) = nLy(z) — nLy_1(z) (36)
(iv) /0 Lon(2) Ln(2)e="dz = b

Let fo =0, fo(z) = Ly—1(2) for n € N, and define

g(z,t) = Zan Vfu(z (37)

neN
Then one has that

t) = Z dn(t)fn(z)

neN
= Z af(n — 1)an—1 — napy1}fo(z) + V2eW (1)

neN . (38)
= 3" a0a{22£4(2) + (1 - 2)fal2)} + VZEW (1)

neN
= 2az%(z,t) + a(l — 2)g(z,t) + V2eW (1)
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by shifting indices and by properties (36) of the Laguerre polynomials. Solving the stochastic
partial differential equation in the previous display, one can use the orthonormality of

{fn(2)}nen to find ap:

o0
an(t) = /0 g9(z,t) fn(z)e™*dz. (39)
Furthermore,
1 2 <1 2 -z
Et)=)_ 5Ear :/0 SEg?(z,)e " dz
N
, " o (40)
E(t) = ZlEa,naﬁn = / Eg(z,t)§(z,t)e”*dz
neN 0

where equality follows from Parseval’s identity. Note that from (38) one can also derive the

conservation form

1 v . s
5(9°e7%) = gge™
89 \/_ 1 -z
=g 20z$+a(1—z)g+ 26W | e (41)
0

= a(ange'z) + V2eWge ™.

We are now equipped with the tools necessary to determine properties of explicitly deter-
mined solutions.

2.2 Representation Formulas for the Steady State and IVP

We now derive the steady state solution of (31) for p = 1 with white-noise forcing and
examine the initial value problem (IVP) without forcing. To simplify discussion, take a = 1.
Solving (38) with initial conditions go(z) = g(z,0) = 3, cn @n(0) fn(2), one has that

2 z 1 r4 t—s
glz,t) = ela ™) [e(_iew)go(ze?t) + \/25/ e3¢ Naw (s)| . (42)
0

The explicit representation for the unique statistical steady state solution is then

an(t) = \/2_€/t dW(s) /00 danq(z)e[t_s“é(em"s)ﬂ)] (43)

0

$0 a(t) is a Gaussian field with mean 0 and covariance
ge el el el 9 _21tz9 25 1
E(an(t)an(t)) = 25/ ds/ dz1 dZQLn_.l(Z])LTn_](ZQ)C[ s (e )]
J0 0 0

2e
n4+m-1

(44)
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In particular,

- J\}Poong]:v{(n — DE(anan—1) — nE(anany1)} = ]\}Enoo NEanani) =€

and we have anomalous dissipation.
A simple consequence of the conservation form (41) is that energy is conserved if one
begins with finite energy:

) "EaZ(0) < oo implies » EaZ(t) = Y Ea2(0) for ¢t > 0. (45)
neN neN neN

There also exist dissipative solutions with 3°, .xEa2(0) = oo; that is, solutions such that

Elan| > Cn Y2 as n — . ' (46)

Finally, as we have shown above, with forcing there exists a unique statistical steady state
with equilibrium distribution supported on the the most regular dissipative solutions, i.e.,
such that

Ed2 = O(n™ 1) as n — oo.

3 PDE Approximation to Simple Models

When scaled properly, the system (31) very closely resembles a finite difference scheme for
the wave equation u; = cuy. Keeping this in mind, for a > 0 one can find PDEs whose
solutions mimic those of the simple model for the IVP.

We begin by setting a = 1 and by recalling that with no forcing,

an = (n—1)%a,-1 — nPan41.

Let an(t) = A(nh,th™P*!) and send h — 0 with nh — z and th™P*! — 7 to obtain

0A 0A
- P—1 p
5 = A—-2z B (47)
The previous equation can also be written in the conservation form
19A? 0
T = ——(zPA?). 48
2or ~ amtA) (48)
Thus, one has
/ A%(z,7)dx = —LPA*(L,7) 4~ 0 if AXL,7)>CL™P (49)
2 d’T L—00o

which is exactly the phenomenon of anomalous dissipation!
Now consider the characteristic equation and solution of (47):

dx
_ == — p =
—=-2X",  X(0)=z (50)
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Az, 7) = Ao(X (7)) exp <—p /0 XP-I(T')dT'> . (51)

3.1 The case p=1

If p =1, then X(r) = ze”?" and there is no anomalous dissipation if [;° A3(z)dz < oo
since energy is conserved:

o0 oo o0
/ A?(z,7)dx = / A2(ze ¥ )e T dx = / A2(n)dn. (52)
0 0 0

Anomalous dissipation only occurs in this case if A3(z) > C2z~! asx — oo, and in particular,

A%(x,7) = Cx7' if A(z) = Cz~ 1.

3.2 The case p=2

If p =2, then X(r) = 175 and anomalous dissipation occurs even if fooo A3(z)dz < oo

since
oo o0 da
Az, r)de = [ A2(—Z
/0 (2, 7)da /0 O<1+271> (1 + 2a7)2
1/27
= / A2(n)dn (53)
0

00
< / Af(m)dn.
0

Notice also that

1+272) (1+2a71)2

so that one has anomalous dissipation for 7 > 7,, where

A?(z,7) = A2 ( al ) ! ~ A21/27)(227)7% as z — o0 (54)

7, = min{7 : A3(1/27) # 0}. (55)

3.3 Properties of the Solutions

It can easily be seen that the approximating PDE is consistent with the simple model
for p = 1 since the aforementioned properties exactly mirror those given in the previous
section. We can speculate that this is true for all other values of p as well. Moreover, since
the behavior of the characteristics completely determine the properties of the IVP solution,
by (50) one has that solutions with p < 1 behave like the p = 1 solution, and solutions with
p > 2 behave like the p = 2 solution with regards to anomalous dissipation.

There is an interesting analog between solutions of the approximating PDE for p = 2
and p = 1 and those of the 3D and 2D Euler equations, respectively. As discussed in [3],
solutions of 3D Euler with finitc encrgy are expected to dissipate, as in the case p = 2.
In contrast, it has been proved [4] that solutions to 2D Euler (in which the enstrophy
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Figure 4: Characteristics of the approximating PDE for (a) p=1 and (b) p = 2.

E= %|w|2 = %[V x u|?, rather than the energy, cascades to small scales) conserve enstrophy
whenever the enstrophy itself is finite, just as in the case p = 1! Furthermore, if we define the
“turnover time” 7(k) in the context of 3D Euler as the only time scale which can be derived
from the wavenumber magnitude k = |k| and energy flux € (equivalently, the enstrophy flux
€ in 2D Euler), dimensional analysis gives that

(k) = Ce™3k=%® (3D Euler),  #(k) = C¢~%* (2D Euler). (56)

Since the turnover time describes the time required for energy (enstrophy) to pass through
wavenumbers of magnitude k and p(k) = In(k) is the natural scale-invariant measure as-
sociated with k, the total time for energy (enstrophy) to move from k = 1/L; to k = oo
is

o0 o0
/ 7(k)du(k) < oo (3D Euler), / #(k)du(k) = oo (2D Euler).  (57)
1/L; 1/Ly
Analogously, characteristic lines in the case p = 2 go to infinity in finite time, while those
for p = 1 go to infinity in infinite time (see Figure 4)!

It is worth noting that in the derivation of the PDE (47) we have made some smoothness
assumptions on solutions of the IVP in the simple model. These assumptions can be justified
if @ > 0 but are quite wrong if @ < 0. To see this, let @ = —1 and consider the IVP
a7, (0) =1,—1 for p=0. Then for 0 < ¢t < 1 one has that a, > a, for n < m, and so

an(t) ~ —ap_1(t) for n € N, with ap = 0.
This implies that for small values of ¢,
an(t) =~ (=1)" 1",

The solution of the IVP is thus initially highly oscillatory and cannot be approximated by
a smooth function in any strong sense.
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Vibrating pendulum and stratified fluids

Inga Koszalka

1 Abstract

The problem posed is the stabilization of the inverted state of a simple pendulum induced
by high—frequency vertical oscillations of the pivot point. The stability conditions are de-
rived by means of the multiscale perturbation leading to the averaged dynamics as well as
by linearization. Then the concept and methods are applied to the study of an incompress-
ible, inviscid, stratified fluid under the Boussinesq approximation. The mechanism of the
stabilization of the fluid system was found to be analogous to that of pendulum provided
that the density disturbance has the form of a wave or the sum of waves. However, the
analogy in case of a general density disturbance is not obvious.

2 Introduction

A simple pendulum has only one stable state, the straight-down position. However, if
its support vibrates in the vertical or, equivalently, when the gravity is modulated at a
frequency much greater than the natural frequency of the pendulum, then it is also possible
for the inverted (upside-down) position to be a stable state. The problem dates back to
1908 when Stephenson showed that it is indeed possible to stabilize an inverted pendulum
by subjecting the pivot to small vertical oscillations of suitably high frequency ([17], [18],
[19]). However, it was the work of Piotr Kapitza ([10]) that drew broader attention and
commenced a series of studies concerned with this interesting phenomenon, called sometimes
for that reason "Kapitza pendulum”. Similar behavior of parametrically forced systems in
this parameter regime was found in other problems, like particle trapping and even evolution
of market prices (e.g see [6], [7]). ;

The purpose of this work is to investigate the stabilization of the inverted pendulum and
to apply the concept and the methods developed to fluid dynamics. The pendulum system
is treated by means of the multiscale perturbation which leads to the averaged dynamics,
as well as by linearization, which reduces the problem to Mathieu equation. As a simple
fluid analog we choose incompressible, stratified fluid under the Boussinesq approximation
in periodic domain, subjected to a rapidly varying gravitational field. We focus on the
multiscale technique and averaged dynamics to find the stabilization mechanism equivalent
to that obtained for the Kapitza pendulum.
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Figure 1: Kapitza pendulum.

3 Vibrating inverted pendulum

3.1 Problem formulation. Equation of motion

We consider a simple, nonlinear pendulum of mass m and length [, moving on a vertical
plane in the uniform gravitational field and subjected to a vertical, rapid vibration of the
pivot point. By rapid vibration we mean oscillation of high frequency and small amplitude
of the pivot motion, given a form:

C(t) = acos(vt). (1)

The parameters of the external forcing, the amplitude of the vertical motion and the fre-
quency, obey
1
O,NO(€), ’7“0(?)
where € is a small number. Following the classical work of [11], we choose the coordinate

system depicted in figure 1 and the following transformation:

r =lsin¢
y = lcos @ + acos(yt), (2)

where ¢ € R/27Z is the angle that the pendulum forms with the downward vertical. From
the Lagrangian of the system (for the derivation, see Appendix A), we obtain the equation
of motion of the vibrationally forced pendulum:

mi%¢ + mg,l sin ¢ + maly? cos(yt)sin¢ = 0, (3)

where g, is the gravitational constant. It is worth noting that by a simple rearrengement
leading to:
lp+ (go — ary? cos(+yt)) sin ¢ = 0,

we can regard the system of the pendulum with the vertically oscillating support as a
immotile pendulum in the field of a modulated, rapidly varying modified gravity of the
form:

1 t

g=0go+ ‘gf](_)'
€ €
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Defing the natural frequency w, of the pendulum by w? = 913, we get a more concise form
of the equation of motion:

a
1
It is more convenient to operate with non-dimensional parameters. Without the loss of
generality, we let w? = 1 and divide (4) by it. The nondimensional time is set to be t* = wyt.
We define the ratio of forcing and natural frequencies 2, and the relative amplitude of the
forcing B as, respectively:

é + (w2 + =~° cos(yt)) sin ¢ = 0. (4)

’y a
Q = — = —_
o= B=1
where Q ~ O(1) and B ~ O(e). Dropping asterics, the equation of motion of the so—called

?normalized pendulum” becomes:
¢+ (1+ BO2 cos(Qt)) sin ¢ = 0. (5)

This is a nonlinear equation with periodic coefficients, and is nonintegrable. Note that it
describes a forced motion in a uniform field of gravitational potential U,:

&% oU,

Y
The stability properties of this system have been studied either by means of averaging (e.g.
[10], [11]), i.e. effective potential method, or by linearization around fixed points which
leads to Mathieu equation (e. g. [18], [8]). The information obtained by neither of the
two approaches is complete, however it is in some sense complementary; therefore we found
worthwile to apply both of them. We obtain the averaged dynamics by an alternative tech-
nique, the multiscale perturbation, and then zoom into the neighborhood of the equilibra
by means of linearization.

— B2 cos(Qt)sinp, where U, = —cos¢ (6)

3.2 % problem and multiscale perturbation

We note that there are two well separated time scales in our problem, corresponding to
the slow motion of the pendulum and fast oscillation of the pivot point. We can therefore
attempt to find an asymptotic solution valid on long time scales of the pendulum motion.
We will define a perturbation parameter and its relation with the forcing parameters by:

=g ld<1, B=7=6B (7)
The independent time scales in our problem are:
slow time: ¢, t~ O(1)

t
. t 1
fast time: 7=-, 7~ O(-),
€ €

and so the equation of motion (4) can be expressed as:

¢+(1+—f—cos7’)sind>20. (8)
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The first and the second time derivatives become, respectively:
d 0 10 2 9% 2 9* 16
T3 T o T AR T T T g
dt 0t  eOr dt ot € 0TOt €07
Expanding the variable ¢ in power series of ¢ yields:

d(t,T) = Go(t,7) + €d1 (t,T) + 2 a(t,T) 4+ ... . (9)

Inserting the perturbation series (9) into (8) and assembling powers of € yields a set of
equations for the subsequent orders in €. Manipulation of these equations results in a group
of terms that give unbounded, linear growth of the solution in fast time 7 which obviously
destroys the solution on long time scales. Such terms are called secular terms and a standard
procedure in multiscale perturbation technique is to remove them by making them equal to
zero and vanish ([9]). For the justification and more detailed treatment of the problem, see
Appendix B. The condition for the solution to be valid uniformly on ¢ gives the equation of
motion of the leading order quantity:
2

88:;0 oS ¢p) SIN . (10)
It is worth to note that the same result would be obtained if the average of the O(1)
equation over the fast time has been taken, defined as following:

2
s (ﬁ;l)

_ 1 T+7
e<T <1, Pt)= T/ P(t,7")dr', (11)
(see Appendix B). Using the fact that cos? 7 = %, we get:
0’9 (B = =
o2 = —(1+ —5 —cos @) sin ¢. (12)

Thercfore, we can consider (10), governing the dynamics of the O(1) quantity, to be equiv-
alent to the dynamics of a variable averaged over the fast oscillations (12).

3.3 Averaged dynamics. Effective potential.

We can note the averaged dynamics of the vibrationally forced pendulum governed by (12),
can be perceived as a motion in the field of effective potential U:
2 2092

%ﬁ—) = _Z_Z;’ where U = —cos¢ + Cal sin? . (13)
Interestingly, there is no explicit time dependence in the governing equation, as the effective
potential is dependent only on the mean state of the system and parameters of the forcing
(comparc with (6)). This observation allows for the following physical explanation of the
process, given by [10]. Vibrational gravitational field (induced by the oscillatory motion of
the pivot) leads to the production the vibrational torgue which on average manifests as an
ordinary force. This force tends to set the rod of the pendulum in the direction of the axis of
the oscillations. Provided the vibrational force is balanced by the gravity, the inverted state
exhibits the dynamical equilibrum and becomes stable. We can now express the stability
condition for the upper equilibrum in terms of the parameters of the forced system. Let’s
take a closer look into the stability of the system.
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Figure 2: Left: Potential as a function of ¢ for the unforced, nonlinear pendulum. Right:
effective potential for vibrationally forced pendulum. Note that scales of the two figures are
set different show the shape of the functions.

3.4 Stability of equilibria of averaged dynamics

The stability of equilibra can be most easily determined from (13). By setting the right
hand side to zero, we find positions of equilbra, i.e the extrema of &. There are four such
points, in contrary to the case of the unforced nonlinear pendulum, when there are only two
(fig. 2). The nature of the extremum is determined by the sign of the second derivative of
U, ‘g% < 0 indicates maximum (i.e. an unstable equilibrium), %% > 0, minimum (a stable
equilibrum called a potential well):

Equilibrum Stability

¢7 = 0 (noninverted) stable

o5 = arccos(—@) unstable

¢35 = arccos(—g—@gm) unstable

¢3 = 7 (inverted) conditionally stable
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Figure 3: Time serics and phase plots of the stabilized inverted pendulum. Blue color
indicates the nonaveraged and red - averaged dynamics. Left: stable configuration Q) =
11, # = 0.2. Right: unstable configuration (rotational mode) Q = 11, § = 0.1. Note that
the scales of the phase space plots are set different to show the shape of trajectories.

Figure 4: Time trace of the vibrationally forced pendulum in physical space. Left: stable
configuration = 11, g = 0.2. Right: unstable configuration Q = 11, § = 0.1.
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From (13), the condition for the stable upper equalibrum ¢} is:

,3292
2

> 1. (14)

The stability of the inverted position depends solely on the parameters of the system and
requires a forcing of suitably high frequency. Note also that an angle ¢5 3 = arccos(—@z)
can be interpreted as a width of the potential well, namely maximum initial displacement
that allows for the stabilization of the upper equilibrum for given properties of the forcing.
Exemplary time series and phaseplots of the pendulum in a stable and unstable regime
is presented on figure 3, for both nonaveraged and averaged dynamics. Corresponding
behavior of the pendulum in the physical space is shown in figure 4.

There is another point of view of the averaged dynamics. The problem of the invert-
ible pendulum may be considered in the lé—degree—of—freedom Hamiltonian setting. The
nonlinear dynamics is then described by the Poicaré map or equivalently by its integrable
approximation, a planar Hamiltonian, obtained from the normal form theory: successive
transformations leading to the removal of the explicit time dependence. As the effective
potential corresponds to the potential energy, the planar Hamiltonian is equal to the total
energy of the averaged system. In this framework, by defining a parameter A = B—.Qrgg, the
transition of the inverted equilibrum from a minimum for A < 1 to a saddle point for A > 1
may be considered a subcritical Hamiltonian pitchfork bifurcation ([5]), see figure 5.

0 05 15 2

Figure 5: Bifurcation diagram in the (), ¢*) - plane for the inverted pendulum, where

A= ﬂTQQ; and ¢* is a fixed point. Green dots indicate instability, magenta dots — stability.

3.5 Mathieu equation

Another approach to the study of the inverted pendulum is the linearization of the dynamics
near an equilibrum. We define o = le and look again into the dynamics of (5), but now as
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evolving in the fast time 7 = ~t:
¢rr + (@ + BcosT)sing = 0. (15)

Now we zoom into the dynamics near 7, so it is convenient to define the complementary
angular displacement ¢ with respect to ¢, ¢ = m — ¢. This is the angular displacement
from the upper equilibrum position. Then siny = sin(m — ¢) = +sin¢ and @;r = —¢,,.
The governing equation becomes:

orr — (a4 BeosT)sing = 0. (16)

The sign of B is not important as it corresponds to the instantenous amplitude of the pivot
motion around the center of the coordinate system, which can be postive or negative. The
sign of «, however, matters. We define the variable ¢ as

y {d) : angular displacement near the lower equilibrum
=

@ : angular displacement near the upper equilibrum

and linearize sin ¢ ~ 1), obtaining the canonical form of Mathieu equation:

24
%T_Qé + (a+ BeosT)y = 0. (17)

Thus equation (17) describes lincarized dynamics around the either fixed point, depending

on the sign of a:
«>0: lower cquilibrum o < 0: upper equilibrum (18)

This specific formulation allows the investigation of the linear stability near the either
cquilibrum based on the general results for the Mathieu equation. It is also a manifestation
of the fact that we can tackle the stability of the inverted state by changing the sign of
the gravity g. The stability of the periodic solutions of the Mathieu equation, given by the

Floquet theory, can be determined from the diagram in (4, «) — parameter space ([9]). The
so—called transition curves separate regions of values a and g corresponding to unstable and
stable solutions. Kapitza pendulum regime, with high forcing frequency (small o) and small
amplitude of the pivot motion (small 3) lies in the region marked by the red circle in fig (6).
The most surprising is the fact that, contrary to the averaged dynamics, linearized approach
gives the possibility for destabilization of the lower equilibrum! We can obtain quite exact
values for the parameter regions corresponding to stable inverted and noninverted equilibra:

Equilibrum Stability condition
inverted % < B <045+ ]—'57?—9

noninverted 0 < < 0.45— 1_.5%32
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It is worth noting, that the linear stability condition for inverted pendulum based on lin-
earization was generalized to an inverted N-pendulum and proven by [1]. In that case the
system can be reduces to N uncoupled Mathieu equations and the stabilty condition yields

2 0.450
V2 <p<— J ) (19)
YWmin Wnaz

where Wpin and wye, are the lowest and the highest of the natural frequencies of any single
pendulum member of the full configuration.

Figure 6: Left: Stability diagram for Mathieu equation. Right: the Kapitza pendulum
regime.

3.6 Averaged dynamics vs Mathieu equation

Both approaches to the study of the dynamics of the pendulum system under the influence
of a rapidly oscillating forcing are not completely adequate, i.e the relevance of either of
them is limited. Here we summarize the key points concerning the applicability of the two
methods.

Averaged dynamics:
e approximates long time asymptotic behavior,

e concerns global dynamics, i.e arbitrary displacements from the equilibrum position.
Hence, apart from the very proximity of the inverted state, allows the study of the
rotating state of the pendulum,

e gives only lower stability bound in the parameter space for the inverted equilibrium,

e gives the maximum angular displacement that permit stabilization of the inverted
state for a given set of parameter values,
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e predicts the stability of the lower equilibrum for all the values of the parameters,

e gives physical explanation for the dynamical stabilization phenomenon in terms of the

effective potential.

Certainly some subtle details in the pendulum dynamics are lost in the approximate average
analysis, which refers only to the slow component of the motion. In this method one
introduces an approximation with no control on the relevance of the discarded dynamics,
except of the estimate of their magnitude in terms of e. There is always a region in parameter
space where the averaging fails predicting unstable configuration - the region over the upper
bound in case of the inverted state and the whole unstable region for the lower equilibrum,
which can be found from the Mathieu equation.

Linearized theory:

e rcduces the problem to the well-known Mathieu equation,

e applies only to the vicinity of the fixed points, i.e is valid only for small angular
displacements from the equilibrum position,

e gives more precisely defined stability regions: lower and upper bounds on the param-

cter values,

e admits the possibility for destabilization of the lower equilibrum and gives the range
of parameter valucs for which it should be observed,

e does not provide with any physical explanation of the phenomenon.

In general, the applicability of the Mathieu equation is limited as in general the linear
stability cannot be extended immediately to the full system. However, it gives correct
results for the zoomed view into the dynamics near the equilibra.

4 Kapitza pendulum in fluid systems

4.1 Kapitza pendulum vs fluid systems

As alrcady mentioned, we can regard a pendulum with a vertically oscillating support as
equivalent to a pendulum with a stationary support in a periodically varying gravity field.
This observation allows to attempt at finding an analogy between the Kapitza pendulum
and fluid systems acted upon by vibrating gravitational forces, and thus study the dynamics
of the latter by methods developed in the preceding sections. A similar analogy was already
mentioned by Lord Rayleigh ([15]), who considered a phenomenon observed in the famous
Faraday experiment: a surface wave instability in a vertically vibrated container filled with
fluid, with the frequency close to resonance with the natural frequency of the system.
From that time on the problem has been studied widely both analytically (e.g. [2], [12],
[13]) and experimentally (e.g. [4]). The "Kapitza regime” discussed here is different as
the forcing frequency is much higher then the natural one and it would not be trivial to
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think of an experiment similar to that of Faraday. One can rather search for an idealized
physical situation. We have chosen a simple fluid system described by Boussinesq equations,
characterized by density stratification and related buoyancy force, which action, combined
with that of gravity, provides the mechanism for inertial oscillations with bounded natural
frequency.

4.2 Boussinesq equations. Problem formulation

We will study the dynamics of a incompressible, inviscid, stratified, hydro'static, non—
rotating fluid, governed by nonlinear Boussinesq equations (the momentum equations, con-
tinuity and conservation of density), see e.g. [16]):

%+%g§ =0 (20)

%:- %%:—% =b (21)
%#Z—f =0 (22)

% ~0 (23)

Here t is time and u and w are the components of the nondivergent velocity field in horizon-
tal (z) and vertical (z) directions in a Cartesian frame of reference. The positive z—direction
is antiparallel to gravity. We will work in the (z, z) — plane, which implies that all charac-
teristics of the system are uniform in y.

We consider a hydrostically balanced reference state upon which perturbations are to be
imposed and make use of the Boussinesq approximation, which means that the density field,
represented by p(z, z,t) = p+ po(2) + Ap(z, 2,t) = p(1 - S(%)) + Ap(z, 2, t), satisfies p >>
po(z) >> Ap. The mean fluid density p is a uniform costant. The density stratification is
assumed to be linear and S is a stability parameter defined as: '

S= +1 stable stratification
" ] -1 unstable stratification

The vertical extent of the domain is small compared to a density depth scale H = |%%§ |~
Pressure field p is assumed to be hydrostatically related. The joint effect of gravity and
density stratification leads to a buoyancy force b in the vertical. The natural frequency of
the system, so—called the Brunt-Vaisilé frequency, is defined through N2(z) = —(%%),
which is constant in case of linear stratification, and with notation used here N = % We
will constraint us to the flows with periodic boundary conditions.

Nondivergence of the velocity field allows to introduce a stream function v, such that
u = 9, and w = —,. In an infinite medium the Boussinesq equations are satisfied by
planar internal waves of the form 1 = U cos(kx + mz)e™®* (with horizontal and vertical
wave numbers k and m and k = Vk? 4+ m?), which obey the dispersion relation w = +N ﬁ
In polar coordinates chosen so that k = « cos @ and m = ksin o we have w = =N cos . The
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frequency is therefore a function of the angle that the wave vector makes with the vertical.
The condition for progressive waves is therefore 0 < w < N so N acts as the upper bound
of internal wave frequencies, corresponding to entirely vertical flow (buoyancy oscillation)
(13).

Now we will embed the system in a modified gravity field, varying in vertical as g(t) =
go + av? cos(yt), where g, is a gravitational costant, the amplitude of oscillatory motion
satisfies ¢ << g,, and the frequency of the oscillations v is much higher then the Brunt-
Viisila frequency, that is v >> N.

We will nondimensionalize the system as follows:

which results in the nondimensional components of the velocity:

() = (=, P,
V9o goH
The nondimensional density and pressure fields are:

_P_
pgoH’

z A

p (@, z,t) = (1 - S(—ﬁ)) + Ap*(x,z,t), where Ap*= Tp’ and p* =

P
which gives the nondimensional Brunt-Vaiisild frequency N*2 = S. By introducing the
nondimensional paramecters:
q_- " _a
- Ea ﬁ - ﬁv
o

the ratio of the forcing and natural frequencies and the relative magnitude of the forcing,

respectively, we get

t
g*(t) = 9t) =14 B2 cos(Qt*). (24)
[e]
By dropping asterics, the nondimensional Boussinesq equations are:
Du  0Op
Z2 4 ZF =0 25
Dt = Oz (25)
Dw 9p
Dt + e ~Ap(1 4+ Q2 COS(Qt)) (26)
ou Ow
e =0 27
ox * 0z (27)
A A A
8&[) +u aamp +w aazp - wS =0 (28)
We can eliminate the pressure by focusing on the vorticity equation, which is:
Dg D ,0u Ow 0Ap 9
Dt " Di\g: o) T aa O AV o) (29)

It is evident that the vibrating gravity field modifies the basic mechanism of the baro-
clinic generation of vorticity. We will now investigate this phenomenon in dctail, using the
methods derived for the stabilized inverted pendulum.
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4.3 Multiscale expansion

We can observe that, similarly to the case of the Kapitza pendulum discussed above, in our
Boussinesq problem we have two well separated time scales: the slow gravity oscillations
and the fast oscillation of the gravity field. Thus, an attempt to find an asymptotic solution
valid on long time scales is justified. Analogously as for the pendulum, we can define a
perturbation parameter by € = %, and we have 8 ~ O(¢). The slow time is then ¢t ~ O(1),
and the fast time 7 = Qt, 7 ~ O(2), compare with (7). The oscillating gravity field (24)
can be expressed as g(t) = 1+ %g_l(r). Unlike in the pendulum case, system variables
depend now not only on time, but also on space, therefore we have for the first, the second
and material time derivatives, respectively:

0 9,19 & @ 28 18 D_08,0 2

ot ot e€or’ ot2  8t2  e0rot €207 Dt 0Ot oz 0z
With the averaging operator defined as (11), the components of the velocity perturbation
are expanded in perturbation series as:

u(z, 2,t,7) = Up(, 2, 1) + up(T, 2,8, 7) + ...

(30)

w(z, z,t,7) = Wo(x, z,t) + wi(z, 2, £, 7) + ...

where (T, W,) refer to the mean perturbation velocity, while (u,, w}) correspond to the

disturbance due to modified acceleration of the order (’)(%); after time integration, we can

expect them to be of the order O(1), but as they came from the oscillatory motion, they will

vanish when averaged over the fast time. We will define the mean substantial derivative:
D 9 0 0

Dt~ a1 Tl T Wy,

The density perturbation is expanded in € as:

Ap(z, 2,6, 7) = Dpo(z, 2,8, 7) + eApi(z, 2,8, 7) + ... (31)
Inserting the series (31) and (30) into the density equation (28), we get:

dAp,  10Ap, = 0Apr  OApy  _0Dp,  ,0Ap, __8Ap1 ,0Ap
ot +e or te ot + or o Oz + o ox + o Ox + oz + ,
__0Ap, ,00p, __O0Ap , 00p; o

+w, o + w, o +w, o + w, E S =0, (32)

Gathering terms of the order O(1) we conclude that Ap, = Ap,(z,2,t). In the order

of O(1), we will first average out the terms containing perturbation quantities Ap; and

(ul, wl), so that the remaining terms give an evolution equation for the mean density

perurbation:
DAp

Subtraction of (33) from (32) results in an evolution equation for Ap;:

08p ,  0Bp, , 050,

- / =
g Ty TWeg, WS =0 (34)
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Inserting the perturbation series (30) into (29), we get:

0 O Oy 10 du, Bupy, o0 0 00 .0 0 0w

ale: )t w) Ta'e ) T
+u—_3_(5_“§_5w3)+@—3(§“_3_3w3) U/ﬂ(a_u—o_am) w/ﬁ(@_a’”_O)+
°0z" 0z Oz °0z' 0z  Ox °0x* 9z Oz °fz 8z Oz
0 o, ow, 0 0u, ouw,, OBp, 1., 0B, . , 0Ap . OAp
g (T T ) T (5 T ) T e Ty Hin T ey
Terms of the order O(2) gather in the evolution equation for g):
dq, 0 ,0u, Ow) . 0Ap,
o Y — = §_q(7)=L2. 35
or (97'( 0z Ox ) =4.(7) Oz ’ (35)

By applying the averaging operation to the O(1) ensamble, terms containing products of
the leading order and prime quantities are eliminated and the evolution equation for the

mean perturbation vorticity follows:

1—76 _ 83;0 8Apl N _ /% ,—a-q—(/)
Dt Oz + oz §-1(7)) — (g ox + W Oz ): (36)

We will use the fact that averaging is a linear operator so that from the continuity equation
(28) to obtain:

Ty | Ow, Ou, = Ow,
B + B =0, and o + P = 0. (37)

To summarize, we have arrive at two separated sets of equations with no explicit time
dependence: for averaged perturbation variables and those generated by the forcing of our
system. By analogy to the Kapitza pendulum, a stable stratification corresponds to the
stable cquilibrium of the pendulum, while the unstable stratification — to the inverted state.
Now we will analyze the response of the system to the instantenous density disturbance to
determine how the vertical oscillations of the gravity field influence stability properties of

the system as a whole.

4.4 Stability of the vibrating Boussinesq system
4.4.1 Monochromatic wave disturbance in z direction

We will start with a perturbation of the mean state of the form:
Ap = g, cos(kz). (38)

Assuming a perturbation strcamfunction of the form ¢ = W/ cos(kz), from (35) we have
u, = 0 and w, = wi(z) = (A—Z‘;)—’—'l [ g-1(7")d7'. Therefore in the (35), the advection terms
cancel out yiclding i%ﬂ = Sw|, and they vanish in the equations for the evolution of the
mean density perturbation (33) the mean vorticity perturbation (36) to give:

Dy _ 08p, , , SW?  Dip,

Dt ox (1 2 )’ Dt = SWo. (39)
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Manipulation of these expresions yields the evolution equation for the mean density pertur-
bation: g
D "Ap 5%Q?

Dt? 2’
is the new modified nondimensional frequency, expressed by means of the stability parameter
(note that S? = 1 irrespective of the initial stability). Thus we conclude that in case of
a stable initial stratification (S = 1), the stability is augmented, while in case of unstable
initial stratification there is a stabilizing effect of the vertically oscillating gravity field. The
stability condition in the initially unstable case is:

+S?Ap=0, where S2=8+ (40)

ﬂ? QQ
2

> 1, (41)

which is identical to the analogous condition for the inverted Kapitza pendulum (14). In
fact, the equation (40) itself may be perceived as a linear analog of (12) — unintentionally
linearized by the dynamics itself. We can thus expect all the results obtained from the
Mathieu equation for the inverted pendulum to be valid in the problem discussed here.

Assuming the plane wave solution of the form 1) = —1/_10 cos(kxz — wt), we obtain the
dispersion relation for the internal waves supported by our system:

w? =82,

which is equivalent to the dispersion relation of the buoyancy oscillation typical to the
unforced Boussinesq system, with N replaced by S*, i.e. the system is stabilized and the
frequency of the vertical oscillation is higher then the maximum frequency in the unforced
case.

4.4.2 Monochromatic plane wave disturbance

In case the initial density perturbation has a form of the planar wave:
Ap = g, cos(kz + mz), (42)

the procedure is conducted analogously as in the previous case. Although u) # 0, from
the continuity equation (37) we have ﬂ;a% == Tu_o% = u’oa—ax = w;% = 0 leading to the
- cancellation of the advection terms. Consequently, the multiscale technique and averaging
leads to the following stability condition for the averaged system:
=2
D", 8 0% — 8% | —
——)Ap+ 52 (—) Ap=0, where S2=8+ (

k2 6292
el t 52 P 5

armi) 2

As before, we conclude that in case of a stable initial stratification the stability is ampli-
fied, while in case of the unstable initial stratification, the vibrating gravity results in the
stabilizing effect whenever:

k2 ﬁQQQ

(orme) 2> @)
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which is equivalent to (41), except that now the orientation of the perturbation in space
(i.e. (p—fénj)), matters. The dispersion relation in this case is:

(44)

Again, the form of the dispersion relation is equivalent to the dispersion relation of the
internal gravity wave solutions to the unforced case, with N replaced by S*. The effect
of the vibrational gravity forcing depends not only on the values of the parameters of the
forcing, but also on the angle of the wavevector k: for a given forcing properties, vertical
disturbances are more difficult to suppress.

4.4.3 Perturbation of an arbitrary form

If we allow the instantenous density disturbance to have an arbitrary form Ap(z, z), the
advective terms in (33, 34) and (36) do not cancel out and the mean vorticity equation .
takes a form of an integro-differential equation:
Dg _9Ap 0Ap /o2,

— =+t {(—F%—9g-1) - VAR 45
Without further assumptions, it is difficult to construct any meaningful stability condition.
However, if we could represent Ap in Fourier series and linearize in ), w), and Ap, we can
get rid of the advective terms and obtain the following form of the mean vorticity equation:

D [0Ap k2 202
Do (%2) (1+ (B, (46
Dt n=1 * n n My
which shows the additive effect of any single perturbation wave component of the series to
the baroclinic gencration of the mean vorticity, modified by the vibrating gravity in similar

way as in the previous simpler cases. The corresponding stability condition for an unstable

initial stratification is:

P~k
2 nz::](k%+m,%)>1’ (47)
so again we can sec that provided the instantenous density perturbation can be given a form
of the sum of waves, there is an analogy between the effect of the vibrational forcing on the
stability of the system in case of the Kapitza pendulum and dynamics of a fluid described
by ideal Boussinesq equations, with a modification due to nonlocality of the problem: for a
given values of forcing parameters the stability is strongly affected by the direction of the

propagation of the density disturbance.

5 Summary and conclusions

In this work we considered the inverted pendulum with the vibrating support. The applica-
tion of multiscale perturbation, leading to the averaged dynamics, as well as linearization,
allowed us to study the stabilization phenomenon. Then we used the multiscale technique
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and averaging to an incompressible, inviscid, linearly stratified, nonlinear Boussinesq system
in a periodic domain, subjected to rapidly oscillating gravity field. We have shown that,
provided the instantenous density perturbation can be given a form of a wave or sum of
waves, the stabilization mechanism induced by the vibrational forcing is analogous to that
exhibited by the Kapitza pendulum. However, the dynamics of the Boussinesq system is
more complicated, as it evolves not only in time, but also in space. The resulting stability
condition for the initially unstable configuration is modified: it requires not only suitably
high frequency and small amplitude of the vibrating motion — the direction of propagation
of the density perturbation in the space also plays a role. In case of a disturbance of a gen-
eral form it is difficult to draw the conclusions about the system stability without further
assumptions. '

The work presented here is not just an idealized, educative example that contributes to
the understanding of the instability phenomena. There are indeed real physical situations
that permits the use of Boussinesq approximation with the forcing regime as prescribed
here, though certainly requiring adequate boundary conditions and generally more complex
analysis. As an example, we give convective phenomena in radially pulsating stars, treated
in ([14]) by means of linearization. The appeal of the multiscale perturbation and averaging
methods discussed here is that they provide the description of the global behavior of the
averaged variable, expected to be the one related to any observed quantity. This observation
strongly encourages the application of these methods in any future investigation of the
stability mechanisms in more realistic and complex fluid systems forced parametrically.
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Appendix A

In the coordinate system (2), the kinetic energy of the system is expressed as:

1 1 . .
T = 5177,(1'62 + yQ) = 5171(1245 + a’4? sin?(4t) + 2alysin(yt) sin g ) =

1 : . 1 d
= —2—777,12¢ + maly? cos(t) cos ¢ + 5771012'7'2 sin?(vt) — T [malysin(+t) cos(d))],

and the potential is U = —mg,y = —myg,l cos ¢. The Lagrangian of the system is therefore:

1 - d 1
L=T-U= 577’1,12¢ + maln? cos(qt) cos ¢ + mg,l cos ¢ + p [maly sin(yt) cos(¢) + gmay sinz(’yt)].
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The complete time derivative on RHS does not enter the action, so from the Lagrange equation:

I
dt\ag) op

we obtain the equation of motion of the vibrationally forced pendulum (3):

8 Appendix B

ml%¢ + mgol sin ¢ + maly? cos(t)sin¢ = 0.

Inserting the perturbation series (9) into (8) gives:

42,
dt2

= —sin ¢, — €¢; cos b€ cOS Po — —f— cos 7 sin ¢,

- Bq&l COS T COS ¢ — Be¢2 COS T COS @,

A typical initial condition we can think about is the initial displacement from the inverted position

with zero angular velocity:

And the absence of the perturbed quantities (no fast initialization):

o2

1

O(-):

€

0(1) :

2

Let’s look at them in detail. The integral of the first of them is:

_ d¢o 1dg,

¢°|-tr§(()) = Ao, ]t =0 ¢ dr |3_0 =0 (48)

_ dn 1d¢n

¢n|$_z% =1, dt ’t € dr |:_0 =0, n>0 (49)
By assembling powers of € one obtains equations for the subsequent orders:

¢o _
arz
¢ = .
52 = —f cos T sin ¢, (%),
42 ¢ O%¢1 =
52 = o 287615 — sin ¢, — Bd1 cos T cos ¢o(t).

1, 8%, _

(2): G2 =0 do=Folt)T+GColt)

This gives unbounded, linear growth of the solution in fast time 7 which obviously destroys the

solution on long time scales.

Such terms are called secular terms and a standard procedure in

multiscale perturbation technique is to remove them by making them equal to zero and vanish ([9]).
This argument can be justified by using the initial conditions (48), from which we get Fy,(t) = 0 and

Go(t)

= A,. Therefore, the leading order solution is equal to A,(t), a function of long time ¢ but a

constant with respect to 7, ¢, = ¢,(t). Using analogous argument with the initial conditions (49)
incorporated, we get for the next order term:

O(Z):  ¢1 = B(cosT —1)sin ¢ (2). (50)

€

The equation for the order O(1) becomes:

g2

o1z

¢,
o2

O(1):

= 2B5in 7 cos Godo(t) + B2 cos 7 sin ¢, cos B, —

62
5 ¢os 27 sin ¢, cos ¢, —

—sin g, — %ﬁQ sin ¢, (1) cos ¢y (t).
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Terms that are constants with respect to the fast time 7 are a potential source for a secular growth
in our solution. The condition for the solution to be valid uniformly on ¢ gives the equation of
motion of the leading order quantity (10). Note also that by taking the average defined by (11) of

the equation (50), one gets (12).
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A Search for Baroclinic Structures

Alexander E. Hasha
August 26th, 2005

1 Introduction

The calculation reported in this paper is a standard one for those who study pattern forma-
tion in nonlinear systems. Pattern formation is prevalent when instability breaks symme-
tries present in a basic state. In the canonical example, stationary fluid heated from below
gives way to patterns through Rayleigh-Bénard instability. For a wide class of problems,
one may derive amplitude equations that govern the weakly nonlinear development of an
instability. Amplitude equations describe the slow modulation in space and time of distur-
bances excited near the threshold of an instability. The form of the amplitude equations is
determined generically by symmetries of the governing equations and the structure of the
linear instability ([5], [3]). '

When a large, dissipative, system undergoes a Hopf bifurcation, with a trivial steady
state losing stability to a growing, unsteady wave pattern, an amplitude equation that
generically arises is the complex Ginzburg-Landau equation (CGL)

(1)

The function A = A(z,t) is a complex valued function of two real variables. It represents
the slowly varying amplitude envelope of packets of waves generated by the instability. The
variable z is spatial displacement in a frame moving at the group velocity of the unstable
wavepackets. The coefficients u, v, and ¢ are complex, with Re {u} > 0, Re {v} > 0. When
Re {¢} > 0, the cubic nonlinearity will balance the linear growth term and halt the growth
of the disturbance when |A| becomes large enough. This case is a supercritical bifurcation.
If Re{¢} < 0, the cubic term will never balance the linear growth term and the equation
predicts growth without bound. In such cases, the bifurcation is subcritical and equation
(1) is not a good asymptotic description of the nonlinear dynamics. Higher order terms
must be calculated that balance the exponential growth. Whereas p and v can be predicted
from a knowledge of the linear theory alone, ¢ and the all important sign of Re {(} cannot
be predicted without a nonlinear theory, and must be determined case by case by direct
calculation.

To understand the origin of equation (1), consider the situations depicted in figure 6.
When a system is weakly unstable, the unstable modes grow exponentially, but very slowly.
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Most of the stable modes, on the other hand are relatively strongly damped. Because the
stable modcs decay rapidly, they are present in the system only to the extent that they
are forced by nonlinear intcractions with the unstable modes. Their evolution is slaved to
that of the unstable modes. In many cases, Ginzburg-Landau type amplitude equations
emerge from asymptotic methods that exploit the timescale separation between the stable
and unstable modes.

Equation (1) governs only systems that are sufficiently large in the following sense. The
spatial variations of the unstable wave packets must be produced by the interaction of a
large number of closely spaced unstable modes. In a system of finite size, the spectrum
of available wavenumbers must be discrete to satisfy boundary conditions. The smaller
the system becomes, the larger the separation between neighboring modes in wavenumber
space. If the modes are widely spaced, then a weakly unstable state may consist of only one
or a small number of weakly unstable modes with all others relatively strongly damped, as
shown in figure 6b. The amplitude equations governing such a situation would be a finite
system of real, ordinary differential equations in time for the amplitudes of the unstable
modes [2]. However, if the system is infinitely large, then the wavenumber spectrum is
continuous. In that case, when the system is weakly unstable, a narrow band containing an
infinite number of modes becomes unstable as shown in figure 6a. The nonlinear interaction
of an infinite number of slowly evolving unstable modes leads to amplitude PDEs such as
equation (1), rather than amplitude ODEs. Even when a system is finite, if it is sufficiently
large that weak instability lcads to the nonlinear interaction of a large number of closely
spaced unstable modes, then equation (1) is still the appropriate asymptotic description of
the cvolution of the instability.

Though the form of equation (1) can be guessed a priori from considerations of sym-
metry [5], onc must calculate the equation in detail in order to discover an expression
for (. Knowing the cocflicients is useful, and not only because the sign of Re {(} deter-
mines whether the Hopf bifurcation is supercritical or subcritical. Solutions of the complex
Ginzburg-Landau equation exhibit a rich variety of different qualitative behaviors as the
coefficients are varied. In large regions of parameter space, spatiotemporal chaos, inter-
mittency, or the spontancous formation of coherent structures may be observed. In others
regions, stable, monochromatic plane wave solutions dominate. By computing the coefli-
cients in terms of physical variables, it is possible to determine which of these behaviors are
characteristic of the real physical system.

In this paper, we derive a complex Ginzburg-Landau equation for baroclinic instability.
Baroclinic instability is important in the study of the atmosphere and oceans. It is the
mechanism that generates weather systems in the midlatitude atmosphere, and it gener-
ates eddies in the occans that are responsible for a great deal of heat transport from the
equator to the poles. Baroclinic instability occurs when vertical shear flows driven by hor-
izontal temperature gradients in a rotating domain become unstable, and large, wavelike
disturbances develop that redistribute temperature fields in a kind of horizontally slanted
convection.

A number of models have been used to study this phenomenon, the most well known of
which are the Charney model and the Eady model. A basic introduction to these models
and others can be found in the textbooks by Pedlosky [9], and Gill [4]. In this analysis, we
use perhaps the simplest model exhibiting baroclinic instability. Introduced by Phillips in
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1954 [10], it consists of a two-layer quasi-geostrophic flow in a rotating channel as shown
in figure 1. Phillips analyzed the linear stability of a shear flow in which the fluid in each
layer moves with a uniform zonal velocity. The basic state differs from that of the standard
Kelvin-Helmholtz instability because rotation forces a slanting of the free surface between
the two layers in order to balance the Coriolis force on the zonal flow. Phillips found that
instability occurs when the difference between the velocities of the two layers exceeds a
critical threshold. The model can easily be modified to include important physical effects,
such as dissipation or a planetary vorticity gradient S.

The present work is motivated by a series of papers by Pedlosky ([6], [7], and a paper by
Romea [11] that analyzed the nonlinear development of baroclinic instability in the Phillips
model in a number of physically interesting situations. Pedlosky’s papers, in particular,
were the first to use multiscale asymptotic methods to compute amplitude equations for
baroclinic instability. In contrast to the present effort, Pedlosky and Romea used periodic
zonal boundary conditions and were therefore investigating the nonlinear interaction of a
discrete spectrum of unstable modes. Consequently, their calculation led to amplitude ODEs
as described above. Periodic boundary conditions are physically motivated for a model of
atmospheric dynamics, because the midlatitude G-plane is typically conceived as a periodic
strip wrapping around the earth. A typical wavelength for a baroclinic disturbance in the
atmosphere is about 2000 km, which leaves space for only ten to fifteen wave periods in a
complete traversal of the globe at midlatitudes. Nonetheless, there are physical examples
of baroclinic instability to which the large aspect ratio approximation is applicable. For
example, baroclinic instability produces eddies in ocean currents on the scale of 200 km.
In an ocean measuring several thousand kilometers across, there is plenty of room for large
scale structures to emerge. Our analysis of the large aspect ratio Phillips model should
provide some insight into the kinds of structures one might expect in these situations.

To relate the CGL derived here to preexisting analysis of the qualitative behaviors of
solutions of the CGL, we make use of two studies by Shraiman et al [12] and Chaté [1].
These papers present a fairly exhaustive numerical study of the parameter space of the one
dimensional CGL. By mapping the coefficients calculated here onto the coefficients used
in those studies, we determine what region of parameter space is inhabited by baroclinic
instability. We find that most of the physical parameter space maps onto a region of CGL
parameter space where non-chaotic, stable, monochromatic waves are the dominant solution
at long times. Intermittent behavior may be possible when the g effect is strong compared to
dissipation, but this has not been confirmed either analytically or by numerical simulation.

In §2, we give a detailed description of the Phillips Model, the physical variables in-
volved, and the scaling limits underpinning its derivation. The physical situations exam-
ined by Pedlosky in [6], [7], and [8] are then described and contrasted with the situation
considered here. In §3, the linear theory of baroclinic instability is outlined, and the CGL
for baroclinic instability is derived in detail. In §4, we use the calculated coefficients to map
realistic physical values of the variables onto Shraiman et al and Chaté’s parameter regime,
thus giving a preliminary prediction of the structures that may be observable in baroclinic
instability
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2 Description of the Phillips Model

The physical picture underlying the Phillips Model is given in figure 1. Two layers of fluid
with different constant densities p; < po lie in an infinitely long channel of finite width L
and height D. The thickness of the lower layer is given by h{x,y). When undisturbed, each
layer has thickness D /2. The fluid is bounded above and below by rigid horizontal planes.
The z-axis is oriented along the channel, the y-axis is oriented across the channel, and the
z-axis points upward. The velocities uq, vy, and w; are the upper layer fluid velocities in
the x, y, and z directions respectively. The lower layer velocities are likewise called ug, v9,
and wy. The pressurcs are given by p; and pe. Each layer has viscosity v. The gravitational
acccleration is g, and the entire channel rotates with angular velocity €2. To include the
effect of the earth’s sphericity, the rotation rate is assumed to vary linearly with v,

QZ%(fo-FB?J)-

TQ = (172)(f, + By)

+—
n

W

Figure 1: Physical picture of two layer channel model.
The Phillips model is derived as a scaling limit of the Navier-Stokes equations for flow

in the channel. The derivation is given in greater detail in §2 of [6], but we will cover the
salient points of the derivation here. Dimensionless equations of motion are obtained by
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scaling the dimensional variables as follows

@)=, o=

(up,vp) = @22), wl = B4, W = (h— D/2) S7ER

1 _ p1tpig(z—D)

4| pUfoL
; __ p2tp2g(2—D/2)—p1gD/2
Py = p2UfoL :

where U is a characteristic scale for the horizontal velocities. On dropping primes we find

Dimensionless Parameter Name Size
e=U/(fol), Rossby number <1

E =2v/fyD? Ekman number ~ €2
F= %,%3 rotational Froude number 0(1)
0=D/L, cross section aspect ratio <1
B =pBL*/U planetary vorticity factor 0(1)

Table 1: Dimensionless parameters appearing in derivation of Phillips Model.

that the dimensionless equations are

Ou, Ouy, Ouy, Ou, _ . _% E 9
f[at tn gy Tingy TUn 3z} (+efy)on = —Z +5Veun ()
ov, Ovy, ovy, Ovy, _ Opn  E_,
€ [W + Un'é; + ’Un’b? + wn—(?;] +(1+eby)u, = — By + Evavn, (3)
ow ow ow Oow op 8’FE
2 n Zn Z=n Zn - _Zm T g2
56[& tun Ty Ty, T Un 82] st Veum  (4)

Ouy, 4 _Q_vﬁ 4 Owy,
ox dy 0z

62 82 82
VQ — 2 }
5 — 6 (8.’172 82'2) :

It is assumed that § < 1, so that horizontal straining contributes negligibly to viscous
dissipation. The kinematic condition at the interface between the two layers is

where

eF [8h oh @

1
5 | 5 }zwn, atz:§(1+th). (6)

And no normal flow at the channel walls requires
v, =0, at y=0,1. (7)

Several dimensionless parameters have appeared, all of which are defined in table 1.
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The parameter F is a dimensionless measure of the width of the channel. Specifically,
it compares the channel width to the distance a linear gravity wave on the interface can
travel during a rotation period. The maximum speed of these waves is ¢g = /g’ D/2, where
g =g (pa — p1) /p2 is the reduced gravity. The rotational period is T = 27/ fo. Therefore,

2r2 2
F= 2/oL = 47 —L~ .
g'D cod

The Rossby number € measures the relative importance of inertial forces and Coriolis forces.
We will assume ¢ < 1, so that the influence of rotation will be very strong. The Ekman
number E measures the ratio of viscous forces to Coriolis forces, and determines the thick-
ness of boundary layers in which viscosity plays an important role. We set £ < 1 with
E]/Q/e = O(1). These limits are exploited by introducing asymptotic expansions of all the
dimensionless variables in powers of €, such as

Up ~ uﬁ?’ + eu,(ll) + 62u£12) + .-

Then, to leading order, the flow in both layers is in geostrophic and hydrostatic balance.

That is,

L0 = _op O _ ol o _ g
no— oy noT 9r o TV

The leading order flow is also horizontally nondivergent,

8u,(70) 8117(10)

5r Ay =0

which motivates the introduction of layer stream functions 1, such that
('11,510), v7(10)> =z x V.

By hydrostatic and geostrophic balance, the stream function is proportional to both the
pressure fluctuation and the height of the interface disturbance.

Additionally, viscous forces are significant only in thin boundary layers near the top and
bottom of the channel. Nevertheless, viscosity plays an important role in the dynamics of
the bulk. Carefully considering the dynamics of the boundary layers, one finds that vorticity
in the bulk forces forces fluid to emerge from those layers with weak vertical velocities. This
phenomenon is known as Ekman pumping. These vertical velocities act to damp vorticity
in the bulk through vortex stretching. From here, one may derive the evolution equations
for v, by manipulating the vertical vorticity equation to obtain

0 8’(/)] 0 8’4/)1 0 2 _ — 2

(—81, + B 5 o —03;) (V21 + F (Yo — 1) + 534) = -1V (8)
O OPy 0 Oy O o N 2

(& T o oy 79?%) (Vi t P =)+ fy) = =rV o

where 7 = EV2¢ = O(1). In these equations, fast gravity waves have been filtered out and

only the slow, vortical dynamics remain.
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To investigate baroclinic instability, we write down evolution equations for perturbations
from a shear solution where the velocity of the upper layer is U and the velocity of the lower
layer is —U. Let

Yr=-Uy+iy, $2=Uy+iy
and substitute into equations (8) and (9). Dropping primes, we find

(gt+U8 > 1+%(B+2FU)+TV2¢1 = —J(¥1,q), (10)
0

(% B Ua_:L'> q 81/)2 (ﬁ 2FU) + Tv2¢2 = —=J (¢2a (I2) X (11)

a = Vi +F (- ¢), (12)

g = Vo +F@h—t).  (13)

with boundary conditions

OYn
Bz
These equations are the Phillips model of baroclinic instability.

Pedlosky and Romea’s papers worked with these equations for a the channel periodic
in z. In [6), Pedlosky derived amplitude ODEs for the purely viscous case f = 0 and
r = O(1), and the inviscid cases with » = 0 and f = O(1) or § = 0. Pedlosky obtained
a Ginzburg-Landau ODE with real coefficients for 8 = 0, r = O(1). However, the small
viscosity cases do not lead to Ginzburg-Landau type amplitude equations, because there is
no scale separation between the decay rate of the stable modes and the growth rate of the
unstable modes. Also, the case of 0 < » < 1 is a singular limit of the linear theory. The
introduction of an infinitesimal viscosity actually destabilizes the flow, reducing the critical
value of U by an O(1) amount. Pedlosky derived amplitude equations for this subtle case
with 8 =0 in [7]. In [11], Romea tackled the small r case with 8 = O(1).

It seems, however, that the case with both § = O(1) and r = O(1) has never been
addressed. It is interesting to know how these two effects compete when they are of compa-
rable strength. The infinite-size limit, which introduces the possibility of spatio-temporal
disorder and localized structures, has also never been investigated.

=0, y=0,1.

3 Derivation of CGL

The Phillips model equations (10)-(13) may be written in the form

%M\P — LU - J(T,MT), (14)
ov
B = 0, for y=0,1. (15)
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— (B+2FU) 2 —rV? ~UFZ
F2 UL (V2—F) - (B-2FU) & —rV?

-

and

8A 0B 0A 8B
oz 8y oy * oz

The % operator is termwise multiplication of vectors without summing. That is
a b arb
1, 1Y 101 )
a9 bQ GQbQ

Much of the structure of the finite amplitude evolution equations is determined by the linear
instability properties of the system. The linearized equations are

J(A,B) =

3.1 Linear Theory

e,
—M¥ = LU
o ’
% = 0, for y=0,1. (16)

One may seek normal mode solutions of the form
U (z,y,t) = Re {\il(k, m, U)ei(k“”“"y—“’t)} :

Substitution of this form into equation (16) yiclds a system of algebraic equations

(L+mM)@:o (17)
where
- [ =+ m?+F) F
Mik,m) = i F —(k? +m? + F)
[ Uik (K2 +m?>+ F) + - —ikUF
. _ +r (k% +m?) ~ ik (8 + 2FU)
L(k,m,U) = —ikU (K2 +m?+ F) — -
i ikUF —ik (B — 2FU)—|—T(A2+m)
For a null vector ¥ to exist,
det (L + in) =0 (18)
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Figure 2: Growth rate curves for m =, o, 37, 47, calculated for the critical shear U = U,
at which a single mode k = k, is marginally stable.

must hold. Equation (18) implies that w must be a root of a second order polynomial with
coefficients that are functions of k, m, and the physical parameters of the system. Thus,
for fixed values of these arguments there are at most two distinct values of w satisfying

equation (18). This condition defines the dispersion relationships ‘

w = Q(&k,mU,d)

Bk \ (K*+F) d \ﬁc2K4 (K4 — 4F?)U? + F2 (Bk + "Kz)i
- (?2_ ) (K2 + 2F) + (—1) K2 (K2 + 2F) \-19)

where d = 1,2, and K2 = k2 + m?. A mode is stable if Im {Q} < 0 and unstable if
Im{Q} > 0.

Because of the boundary condition (15), normal mode solutions exist only for m =
7,2, 37, ... when k # 0. However, because the channel is infinite in the z direction there is
a continuous spectrum of solutions in k. Plotting Im {Q} for admissible k and m produces
a discrete set of growth rate curves, as shown in figure (2).

When all the growth rate curves lie in Im {2} < 0, the system is stable to infinites-
imal perturbations. For fixed (k,m), one may compute the critical value of the shear
U = Umarg(k,m) at which that particular mode becomes marginally stable by setting
Im {Q(k,m,U,d)} = 0 and solving for U. One may use the identity

]Re{\/a—l— bi} = sgn(a)\/g\/a2 + b2+ %a
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and perform some lengthy algebra, the result of which is

()2 K+ (524 F) 1 P22

Umar k’u m)= 20
) K2(K2+ F)?(2F - K?) (20)
The mode is stable for U < Unarg(k, m). Therefore, the entire system is stable for
U<U,= inf Upawg(k,m) (21)
IR

It is worth noting that equation (20) implies that instability is impossible for F' < m2/2.
Furthermore, one can show that Uare increases monotonically with m, so that the first
modes to become marginally stable as U is increased will lie on the m = 7 curve.

3.2 Nonlinear modulation

At U = U,, asingle mode (k¢, 7) has Im {2 (k., 7)} = 0, and all other modes are stable. The
purpose of this work is to learn what happens when the shear is increased slightly above U,
and the system becomes weakly unstable. As the modes grow, their nonlinear interactions
play a pivotal role in the subsequent evolution of the instability.

Figure (6) visually summarizes the insight into this situation that linear theory provides.
IfU =U. + A, with |A| « 1, then the maximum growth rate is positive and O (|A[). The
growth rate curve is well descrlbcd by a parabolic function in the neighborhood of its
maximum, so there is a band of unstable wavenumbers of width O <|A]]/2) around k = k.

Any exact solution to (14), (15) can be written in the form

U(z,y,t / Ak in (1) ¥ (e, U ) TR tnmy=kenm U] g, (22)
n=1

Here, U(k,m,U) is the mode eigenvector defined by equation (17), and Apm(t) tracks the
time cvolution of the amplitude of mode (k,m). The amplitudes of the unstable modes
will dominate because, as mentioned above, strongly stable modes decay rapidly and are
present due only to nonlincar forcing by the slowly evolving stable modes. That is, Ag
should be strongly pcaked near & = k; on the m = 7 branch.

Using this assumption to write an approximate form for the Fourier series-transform
solution (22) will motivate scalings for an asymptotic solution of this problem. First, ne-
glecting the summands for n # 1 and changing the integration variable to center on k = k.

gives

00
U(z,y,t) :;;/ Ap, ke n(t )\I/(k + K ) (i((ke+ k" Yz+my—Q(ke+k'\m .U+ D)) g7
oo c 1
Now, we make use of the fact that the dominant contribution to the integral comes from
=0 (\A|]/2). Let k = |A|7/2 k" and Taylor expand the integrand about k.. One finds:

OC

\1,(:1:’ y,t) \I (l‘u 7'() i(kex+ny—Qke,m,Uc)) / A]}(t)eﬂAll/?}}(z— g—%|k:kct)~iA g_glU=Uctd]:"
J—oc
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where /il-c = |A]1/ 2 A + All/zfc(t). This expression is the product of the marginally stable
mode at criticality with an amplitude envelope slowly varying in space and time:

W(z,y,1) ~ A (JA2 (2 = cgt),|A]t) Blhe, m, Up)e (k= act), (23)
Here, |
a9
%= Bk ek, (24)

is the group velocity of the marginally unstable mode. We also write Q, = Q(k., 7,U.) and
W, = ke, m,U,).

Note that there is only one marginal wave at criticality, and not a pair of waves traveling
in opposite directions. This fact can be established by noting that, though the critical branch
satisfies Im {Q} = O for both k. and —k,, we have Re {Q (—k¢,7,1)} = —~Re{Q (k¢,m,1)}.
This implies that the critical modes (k., 7) and (—k., w) differ by only a phase shift. The
second branch associated with (k¢,7) is strongly damped. This loss of symmetry is due to
the B-effect, which imposes a directionality to the propagation of waves supported by the
planetary vorticity gradient.

3.3 Method of Multiple Scales

The considerations leading to equation (23) reveal the proper scalings to use in a multiple-
scales approach to this problem. Let

U=U,+A, T=I|AY%¢, 7=]|Alt, X =|AY2g
Then, seek a solution for ¥ of the form
|mmwmum%foyuNm@@x%TTxyHNW Nt,z,y, T, 7, X) +

The introduction of new space and time scales requires, by the chain rule,

8 lﬂa

5 +MI +M|

_8_ _ 2 + 1A |1/2 8

dz oz X’

V2 - V242]Aa)2 > +|A|82
0x0X 0x?

Substituting these transformations into the system (14), (15) and collecting terms of like
order in |A|, one may obtain a hierarchy of inhomogeneous linear problems. The most
straightforward way of doing this requires the explicit manipulation of the terms of M
and L. Unfortunately, proceeding in this manner produces extremely messy algebra and
complicated expressions that are difficult to interpret in terms of physical properties of
the system. However, it is possible to develop the expansion in general terms without
considering the detailed structure of the operators M and L. By keeping track of only the
formal structure of the expansion, we will be able to make useful simplifications throughout
the computation.
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When the linear operators M and L are applied to slowly varying wave packets, they
can be expanded in the following way. First, note that

M (ax + A2 ax,ay> AX, T, 1) (k, m)etkztmy) = (k — A2 -(%,m> Abeilkztmy)

Formally, we may treat dy as a variable and Taylor expand M to find

M (ax + A2 ax,ay) Adeilka+my) M(k,m) — i |A["/2 ‘;—'\lf(k,m)aix
Thus, the formal expansion of M takes the form
MA(X,T, T)\il(k,'m,U)ei(km“L’"’y"m) — | AMU - |A]1/2 oA ( %—M— )
1814 <88‘;M ) pr——

Likewise, the formal expansion of L takes the form

(1 i(kx+my—) i(kx+my—Qt)
LAX, T, 7)¥(k,m,U)e e ax \ ‘o1

oL . 18%4 [8°L.
+A] <sgn(A)A%ql - 53%2 (W\p>)} ‘

To simplify notation, let L, = [.(kc,ﬂ', U.) and M, = M(kc,w).
Utilizing these expansions and collecting terms of O (|A\1/2> yields the leading order

ALE — |AY/? 24 < an)

problem
0
_ 1 _ )
<(91 M, —L > v 0, (25)
gD
883' = 0, for y=0,1. (26)

This is the linear problem (16) at the marginal shear U,. There are infinitely many normal
mode solutions, but all will decay at long times T" = O(1) except for the marginally stable
mode. As we are concerned with the long time evolution of the instability, we take the

leading order solution to be

v = Re {A(X, T, T)\ijcei(kcl'—Qct) sin ﬂy} . (27)
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Collecting terms of O (|A|) yields

0 d - o omavr ol gr .
LAV @ _ _ 9% g® OLOYY (1) (1)
(atM" L")‘I’ o +i% e o i e~ (Y M),
@)
8\51; 0, for y=0,1. (28)

The operator on the left hand side of this equation is the same as in equation (26). Thus,
inhomogeneous terms proportional to the marginally stable mode will produce a secular
response in (2. The elimination of these secular terms introduces a first constraint on the
evolution of A(X,T, 7).

Substituting the solution (27) into equation (28), one finds

9 - - dA |aL M| . A\ ,
i _ 2 _ N B 0 2V v i(kex—Qct) :
(BtMO L0> LV Re { ( MO\IICBT 1 % + Q. % \I!caX) e }sm Y
+Im {xi;c * Mo\i/c} %kc | A|? sin 27y (29)

The overbar represents complex conjugation. Since equation (29) is linear, T2 takes the
form

¥@ =Re {A(2) (X,T, T)ei(k”m“nct)} sinmy + B® (X, T, 7)sin 2ry + UP (X, T, 7) (y - %) .

The first term represents a correction proportional to the marginally stable mode. The
second two terms are independent of z, and represent an O(|Al) correction to the zonal
mean flow. Substituting this form into equation (29) and collecting terms proportional to
sin 27y yields a problem for B(®):

—E(o,zw,Uc)B@):%’rﬂm{\if N oW }|A|

Using )
L(0,27,U,) = 4n’rl
gives
k A -
B® — — {\I/C*MO\IIC}|A|2. (30)

Collecting terms proportional to sin 7y yields a problem for A®:

. . . . 0A oL oM A
, @ _ 04 . [dL
(LO—I—ZQCMO)A M0, 22 4 <6A+ i, ak)‘l’ e

Now, as demonstrated by equation (17), the operator on the left hand side is singular. For
the equation to be solvable the right hand side must be orthogonal to the operator’s left
null vector. That is, for ¥} such that




we must have

ol

- . 9A al M dA '
Mooz + i (azf i, m)‘l’ ax} 0. (31)

This equation implies something about the evolution of A. Unfortunately, it is a mess and
difficult to interpret physically, especially if the matrix products are written out in full. It
is at this point that our attention to the formal structure of the expansion becomes useful.

Note that
% (Lo + 9k, .U ) & (k7,00 = 0

If we expand this expression with the product rule and evaluate at k = k., we find

(—8—L+m@4>\i’c:—if)—@ o

ok’

MW, — (L o M)

ok € ok Ok |}k

That is, the operator splits into a term proportional to the group velocity of the marginal
wave (sec equation (24)) and a term that is orthogonal to the left null vector ¥l by definition!
Substituting this new relation into equation (31) yiclds a more familiar evolution equation

for A:
0A OA

or  Yox
The amplitude envelope propagates at the group velocity of the marginally stable wave. We
now write A(X,T,7) = A(n,7) where n = X — ¢gT". We also have

0 0 0 0

8—X:8_n’ or ~ %oy

= 0.

It is still necessary to solve for A, One solution is

@) _ d‘i’ 0A

One might add a homogeneous term proportional to ¥, to this solution, but the inclusion
of such a term has no impact on the results of the computation. The term is proportional
to UM, so we may simply require that it be absorbed into the leading order solution.

Finally, U® is determined by enforcing the boundary condition (15). It can be shown
[10] that the normal flow condition implics a constraint on the zonally averaged flow at the
boundarics,

0 — 1 M 821/}71
—un = lim

81" T M 2M |y, Byt

This equation implies that, as higher order corrections develop, they cannot alter the mean
zonal flow at the boundaries. We deduce that,

dr =0, for y = 0,1.

U@ = 27

To summarize, we have found

OV A k A 1
(2) — Y S i(kex~Qct) n 7 < . 2 1 — —_— .
L Re { i ar on —¢ } sin 7y 877er {\Il(, * MOlIlc} lA] <sm 2ry — 2w (y 2>>
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Collecting terms of O ([A|3/ 2) yields

o o - oL aom\ 8
_ @ - _[9 [OL _O9MY 9 )\ i
(BtM L > v (aTM"“ (8k Bt Bk) ax) v

(O O M 1 & [P oM ALY
ar °  '5X0T 0k ' 20X2 \ 0k? ot Ok2 U

7 (92, K1,00) - 7 (9, Moxp(?)) +J (v, e®) . (33)

where

7 (o000) = 5 () - 5 % ().

Since our only purpose in proceeding to this order is to find another evolution equation for A,
it is not necessary to solve for ¥(® in full. We simply note that the right hand side of equa-
tion (33) contains terms proportional to e#*<*=t) gin 7y, sin 27y, and e Hkex=2et) gip 377y,
Therefore, since the problem is linear we may assume

7® = Re {e"(’“c“—ﬂcﬂ (A<3> sinmy + B® sin 37ry)} + C® sin 27y — UGy,

The evolution equation we seek will emerge as we attempt to solve for A®) . Substituting
in the solutions for ¥ and U@ and equating terms proportional to sin 7y yields

(Lo + zQM) A® = (M 7 ) gf (Iil ,?(L] i ) A+ nl?;f FILAJAR.  (34)
where
I = % K%erc%%g) G +2 (-g]%-i-mc%—';:) %%Jrz g?i (%19 )
and -
M, = - 32 [3tm {Gex BB} v (W0,) = Mim { e WU, ) ]
where

M=I\7I(O,27r)+<_

Using the relationship

8? .
o [(L + ik, UC) ¥ (k,m, Uc)] =0,
one can show that \ -
1.0°Q,. . .\ 82
I = —5iss Mo, (Lo + chMo) -
Likewise, using 5
- [(L ik, Uc> (ke, 7, U)] 0,
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one may show that

oL . 00 o
e = iz - (L + QM ) o
Finally, forming the solvability condition as in equation (31) gives
0A 0%A
o= ;1A+z/a > — CA|A]. (35)
where the coefficients are given by
\I’T oL g ¥, o0
+ = sgn(A i— = —isgn(A) — , 36
o= () g2 = i) | (36)
1. 0%
v = '2—2 W . (37)
w2 O <3Hm {\p « M0 } (Mo\i/c> — MIm {\ilc « M\If} N \i}c)
¢ = o - (38)
& GIM b,

We have derived a complex Ginzburg-Landau equation governing the onset of baroclinic
instability in a two layer model. The expressions for the coeflicients are expressed in terms
of quantities computable from the linear theory of baroclinic modes. Specifically, we have

\i’c = (L'Y)T,

where
_]&'§+F ﬁ+2FUC_Z_7; K?
-~ F FU.,~¢c) keF(U.~c)
where ¢ = Q. /k.. A useful fact about v is that
4, K!+F (B-2FU. .7 KZ
= + N ——
F F (U, +c¢) ke F(Ue+ c)

- U.—c¢
Ul =(1,-28 .
[ (7 UC+C’)/>

After some algebra, one finds the following explicit expressions for the coefficients:

The left null vector ¥} is simply

1+ 2 K2 2K?
B ikeF sgn (A) {chc + 7J+lc T FUe—0) — F(Uc+c)] (39)
#o= Z+~27 '
1 . U, — U.+c 1 ~?
= ——— lik (1 22 9 49427 1 9 -
Z+~2Z [7°< ot U— Uc+c >+T<U—c Uc+c>
(Ue—cg)Z+Y U, — Uc—i—cg ,
: F K F Y 40
+ ik F U.—-¢c ( + ) Us+c 7 (40)

2
¢ = iheKE | 4m® +3F v |y (4n? + 3F)  3F (lvl + 72)
‘ 8(Z+~422") | (U, - ¢)* (U, + ¢)? U2 —¢2
"W’z 3z
Us+ ¢ U.—c

+ (41)
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7 B+ 2FU, T K?
T U kU0

7 B —2FU, Z'r K2
Us+¢)? ke (Uy+ )%

v 2kz_ﬂ+2FU o+ iker
¢ U.—c ’

v = op2y B 2FUe+ 2iker
¢ U.+c

4 Parameter Regime Analysis

Having computed the coefficients of equation (35) in terms of physical variables, we are now
prepared to determine which of the qualitative dynamics of the CGL observed numerically
in [1] and [12] may be observable in baroclinic instability.

In [1], Chaté analyzes the CGL in the form

0B 0’B
57 = B (+ib) o

where b, b are real and b3 > 0. This simple form is obtained from equation (35) by making
the transformations

e m J—lt
t=Re{u}r, z=1/5n Ble,t)=/~infde "0 A (| /5fde t/Re {u}),

from which we find

— (bs — 1) | B|? B. , (42)

Im{v}

by = - sgn(Im {C})Re {l/} ) (43)
bs I]ﬁj }g . | (44)

Thus, the parameter space of the CGL has two real dimensions.!

The qualitatively different regimes of parameter space are mapped with respect to b;
and bz in figure 3a. This figure is reproduced from [1]. To discover which regimes are
relevant to baroclinic instability, b; and bs were computed numerically for a range of 3, r,
and F. :
It was found that by, b3 are functions of F' and B/ only, though this fact is not immedi-
ately obvious from the formulas for ¢ and v. For all tested values of F', 8/r, we found b; < 0.
At fixed F, decreasing (/r increases by and decreases |b;|. As 3/r is varied, the coefficients
roughly satisfy b1b3 = C(F). Decreasing F at fixed 8/r also increases bz and decreases |by|.
In the limit that 8/r — 0 or F — w2/2, we find that b3 — oo and b; — 0. 2 In this limit,

ITechnically, this form can be obtained from equation (35) only if Im {¢} < 0, as is apparent from an
inspection of the transformations. However, if Im {¢} > 0, taking the complex conjugate of equation (1) and
then applying the transformations yields equation (42) for B. '

2Recall from §3 that for F < 72 /2, baroclinic instability is impossible.
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Figure 3: (a) The parameter regime diagram of the CGL produced by Chaté, Shraiman, et
al. Reproduced from [1]. (b) These points represent the only points for 5 < F < 50 and
0.1 < B/r < 50 that fall in the sector of parameter space studied in [1], [12]. The points
correspond to 8/r ~ 10 — 40 and fall well within the “no chaos” regime.

the coeflicients of the CGL are purely real. The real Ginzburg-Landau equation, unlike its
complex cousin, is derivable from a variational principle, and its solutions always relax to
a stationary equilibrium state.

The values of by and b3 for 5 < F < 50 and 0.1 < 8/r < 50 are plotted in figure 4. The
lower limits of these ranges were chosen to exclude divergent values of by as F' — 72/2 = 4.93
and S/r — 0. An upper limit of 50 was chosen for both F' and 3/r to prevent these
parameters from being much more than an order of magnitude larger than one. It is implicit
in the derivation of equation (35) that F, 8,7 < |A|7'/2. The larger these parameters
become, the smaller |A| must be for equation (35) to be asymptotically consistent.

As baroclinic instability resides exclusively in the region by < 0, we focus on the dy-
namical regimes present there. For b; < bs, a band of stable plane wave solutions® of the
form

B= B(k)ei(kx—-w(k)t)

exists with B2 = (1- kQ) /b3 and w = 1/b3 — (by + 1/b3)k%. These solutions are linearly

3When b; = by, this band of wavenumbers vanishes, and stable monochromatic plane wave solutions
cease to exist. This bifurcation is known as the Benjamin-Feir instability of the k = 0 state. The turbulent
regimes in the Benjamin-Feir unstable region b1 > bz are the subject of [12], but because these regimes
appear to be inaccessible to baroclinie instability in the Phillips model, we omit discussion of them here.
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Figure 4: Values of b; and b3 computed for a range of values of §/r and F. Each streak of
like-shaped markers corresponds to a fixed value of 8/r with F' = 5,7,9,16,50. Increasing
F with fixed 8/r decreases b3 and increases |b;|. Increasing (/r with fixed F yields the
same trend, but the dependence of 3/r is stronger than on F.

stable for '
2 (bs —b1)

K< =
8bs + & — by

However, the existence of stable plane wave solutions does not preclude the existence of
chaotic solutions or localized structures in the same parameter regime. Chaté found that
for sufficiently small b3 solutions could be found numerically in which localized, propagating
structures separate large regions of stable plane waves. The structures are characterized
by a sharp reduction in |A|, and discontinuities or rapid variations in the phase of A. The
structures act as nucleation sites for disorder; the stable plane wave regions do not break
down until they are contaminated by one of these structures. The nature of these structures
is discussed in the context of known exact solutions of the CGL at some length in [1] and
[13].

However, it is not yet clear whether these structures can be expected to appear in
baroclinic instability. For the range of 3, r, and F, tested here, the coefficients b;, and b3
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Figure 5: (a) Space-time plot of |A|. x increases left to right and ¢ increases upwards. White
represents the amplitude maximum |A| = 2.37, and black represents |A| = 0.

(b) Space-time plot of the phase ¢ of A. Reproduced from [1]. In this run, b; = —0.75,
by = 0.18.

generally lie far outside the region of parameter space explored directly by Chaté. Figure
3b shows those parameter values that did lie in that region, and all of those are well within
the “no chaos” zone in which intermittency was not observed. For small 8/r and F, we
have seen that the coefficients asymptote to by = 0 and b3 = 0, where the dynamics
collapse to those of the real Ginzburg-Landau equation. It is unlikely that disordered states
will be discovered in this limit, since solutions of the real Ginzburg-Landau always relax
to equilibrium. But as (/7 increases, bz becomes small. This raises the possibility of
intermittency for sufficiently large /1. However, |b;| simultaneously becomes large as 8/r
increases, pushing the coeflicients out of the sector of parameter space observed by Chaté.
Chaté found that as |b;| increases, bz must be ever smaller for intermittency to be observed.
The question, then, is whether b3 decreases quickly enough to counteract the stabilizing
cflect of increased |by|. Furthermore, 8/r cannot be increased without bound. We must
have |A|1/2 L r < absdel-1/2 and 8 « ]A|_]/2 for equation (35) to be accurate, and thus
B/r < |A|. Numerical simulations of CGL at parameter values appropriate to baroclinic
instability are necessary to determine if “baroclinic structures” will emerge or not.

5 Conclusions

We have computed a complex Ginzbug-Landau equation for baroclinic instability in the
Phillips model. We have compared the coefficient of this equation to a parameter regime
study by Chaté [1] and Shraiman et al [12]. The comparison suggests that, for most physical
situations, baroclinic instability should saturate to a monochromatic wave train without
intermittency or spatial disorder.

However, the search for baroclinic structures should not be called off yet. The possibility
remains that localized structures and spatiotemporal disorder could emerge for large 8/r.
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Further numerical simulation of the CGL is necessary to determine whether this will happen,
as this region of parameter space was not explored in Chaté’s paper. In future work,
we intend to search for baroclinic structures in numerical solutions of both the CGL and
more realistic models of baroclinic instability, such as the Phillips model or a continuously
stratified QG model.
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wavenumbers k with growth rates of O(A). The unstable band has width O <|A[1/ 2).

(b) When the channel has finite length, only a discrete spectrum of wavenumbers k are
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Intermittency in Some Simple Models for Turbulent Transport

Arghir Dani Zarnescu

1 Introduction

Consider the passive scalar equation

Tt -+ (U . V)T = EAT'+‘F TIt:O = d)
(1)

where T is a quantity which is passively advected by a fluid with velocity v and F is
an external forcing. The quantity T can be for instance heat, or dye used in visualizing
turbulent effects, or a pollutant. The passive term refers to the fact that the effect of T
on the fluid is negligible so that one can regard wu, the velocity of the fluid, as being an
externally given quantity, which docs not depend on the evolution of 7.

Although (1) is a lincar equation for 7', the relation between the passive scalar field T
and the velocity field « is nonlinear. The influence of the velocity field on the statistics
of T is very subtle and difficult to analyze in gencral. For instance, the interplay between
u# on the one hand and F and ¢ on the other hand may lead to rare but large amplitude
fluctuations of T' (in space, time or both) which differ considerably from the average and
contribute significantly to the statistics.

The matter of interest is then how rare these large fluctuations are. In many situations,
based on the Central Limit Theorem as a heuristical principle, one would expect things
to organize themselves so that in the average the distribution of the variable of interest is
Gaussian. But large fluctuations can be more frequent than what is required for the Central
Limit theorem to apply, and then fluctuations can dominate the statistics in a non-Gaussian
way. This phenomenon is referred to as intermittency.

One signature of intermittency is the presence of non-Gaussian tails for the probability
distribution function (PDF from now on) of T. It should be mentioned that there are
physical experiments where such a behavior has been observed ([1],[2]).

We will be interested in identifying flows as simple as possible in which the large scale
intermittency appears. Our goal is thus to identify some of the simplest mechanisms capable
of producing intermittency.

While the flows we choose arce simplistic, these models can provide intuition about the
phenomena that occur in real turbulence, and with these specific choices the calculations
are completely rigorous and unambiguous. This is the path followed also in [5] and there
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one can find some more discussions on the relevance of this kind of approach. Results in a
similar framework can be found in [3], [4],[6].

Our choice of flows will fall in the general class of flows proposed by M. Avellaneda and
A. Majda, namely flows of the type

u(z,y,t) = (vt(uw(ti)>

which can be regarded as nonlinear two dimensional shear velocity fields.

2 Heuristics

We will start by offering a heuristical interpretation of the mechanism of intermittency in a
general setting and then rigorously prove it for a particular choice of flow. The explanation
for the decaying case (no forcing) has already been given in [3] and it is included here for
the sake of completeness.

In the decaying case we have the following representation formula for the solution of (1)

T(@t)= [ #at.a)dy @

where g(t,z,y) is the random function (for fixed z and t) giving the probability density
function of X(t) in each realization of u, where X (t) is the solution of the characteristic
SDE associated to (1))

dX(t) = uw(X(t),t)dt + V2edf(t), Xt =0) == (3)

where ((t) is a Brownian motion accounting for molecular diffusion. In terms of X (t), (2)
can be written as

T(a,1) = EBS(X ()

where EZ denotes expectation over 8(t) conditional on X (¢ = 0) = z.

As time evolves g(t, z,y) broadens and assuming that ¢ has mean zero, it is clear from
the representation formula (2) that the dynamics will smooth out any spatial fluctuations
in the initial data, with an average rate depending on the average growth rate of the width
of g(t,z,y).

On the other hand in any realization where g(¢, z,y) broadens abnormally slowly, one
will observe a large fluctuation in the scalar field amplitude at point z, even if the initial
data sampled by X (t) is very typical (see Figure 1).

The situation is different in the forced case. Then, the representation formula for the
solution becomes

~—

7,0 = [ datnidy+ [ [ Falt—s.zv)duds (
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Figure 1: The heuristics in the decaying case

Equivalently, the above formula can be written in terms of averages over X (t) , giving us a
Lagrangian picture of the evolution of T’

¢

T(z,t) = E2p(X (1)) + / EPF(X(t — s))ds (5)
0

In general, as ¢ — oo one has E4¢(X (1)) = Jra @W)g(t, z,y)dy — 0 and thus one is left

with analyzing the effect of the forcing term

1
/ ESF(X(t — s))ds (6)
0
Generically the trajectories of the X (¢ — s) will tend not to be on the level curves of F, and
given the mixing effect of the flow they will be relatively uniformly spread within a short
time, so F(X(t — s)) will average to a zero value. On the other hand there will be (rare!)
realizations of u where the effect of mixing will not be so strong, the diffusion will be the
main (slow) mechanism for the spreading of X (t), which will happen in a slow time. Thus,
those X (¢t — s) which start on a level curve of F' will have the possibility of remaining on
the level curves for a time long enough so that the average of F(X (¢ — s)) will be equal to
a nonzero constant (close to the value of F on that level set).

In both cases rare realizations may have very strong effects on large scales. This will
prevent the type of averaging which leads, by the Central Limit Theorem to a Gaussian
distribution for the PDF of T, and indeed one will observe ”fat” (non-Gaussian) tails for
the PDF, consistent with large scale intermittency.

In our approach we will use a Lagrangian picture as this offers a simple understanding
of the phenomena which occur. Indeed, we will consider the associated stochastic differ-
ential equations associated to the passive scalar equation and we will use them to obtain
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representations formula for T' from which we will compute the PDF of T. Thus, one can
see the appearance of intermittency as the result of clustering of close trajectories in the
realizations where the effect of turbulent mixing is abnormally weak.

3 The Decaying Case

We will take the flow to be

= (yomee) ()

where g is a Gaussian random variable, with mean zero and variance one. This is a time in-

‘dependent, " periodic shear” analogue of the random shear model of A.Majda (see [5]),model

in which the sin(z) from our equation is just z and g is time dependent.
In this case (1) reduces to

or + gsin(x)g—z; = eAT, Tli=0= ¢(y) (8)

We also assume that the initial data depends only on y and it is a mean zero Gaussian
random process, statistically independent of the random velocity field, and

o(y) = /R P E(p)dW (p) o

with energy spectrum

E(p) = Celk|*¢(k) (10)

where (k) is a cutoff function, rapidly decaying for |k| > 1, ¥(0) = 1 and satisfying
Y(k) = ¥(—k). The quantity Cg is a normalizing constant and dW is a complex white
noise process (independent of g), with

< dW(p),dW (q) >= 6(p — q)dpdgq

The exponent @ > —1 in formula (10) measures the decay of the spatial correlation of the
initial condition ¢(y); the smaller «, the longer the spatial correlation.

In the case where there is no forcing, it is well known that 7" will decay to zero. Therefore,
in order to observe the intermittency we will look at T rescaled by the energy E = ET?
which we shall denote by 6 = —f—é We will compute in the following the PDF of 8 in the

long time limit and we will obtain that

P(X > \) ~ CIA"55T as A — oo (11)

where Cj is a constant, independent of time, whose value can be computed explicitly (in
general in the following C7, Cs, ... will be used to denote constants which can be explicitly
computed, and are independent of time).

Consider the stochastic differential equations associated with (8)
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X(t) = V2edfe (1) (12)
Y (t) = gsin(X(t))dt + V2edB,(t)

The equations (12) have the solution

{ X(t) = @+ V2eBa(t) (13
Y(t) =y + g [Lsin(z + V2eBa(s))ds + V2B, (1)

Since g and F are independent, we have then that
t
EgY(t) =y + g/ sin(z)e™ds =y + J sin(z)(1 — e™)
0 €
~y+gsin(m), ast — 0o (14)
€
and
Eg(Y(t) - Eg(Y (1))* =

= Egg? fot f()t sin(x + V2eB:(s)) sin(x + V2e8,(s))dsds’ + et + 92(f0t sin(z)e™ds)?
— 92_2 f(; f(f(c—cls_sq _ (:03(21:)6—6(5+s,+2mi“(s’s,)))dsdsl + et + %f Si112(.73)(1 _ e—et)?

€ 2 . < —~det _ 7 —el _ . —€t__1)2
=€t + g2(+ + =5 - g Lg:éh)(e - (e > D) 4 g2 sin?(z) 70 g 1) (15)

Thus, for t > 1 we have

t
Eg(Y(t) —Eg(Y (1)) ~ et + ¢”- (16)
Next observe that, using (9), we have an explicit representation of T' as
7= Bao(vi) = [ 0= Epaw () an)
R2

where we used the fact that ¢ is a function of only one variable; m(t) and v(t) are respectively
the mean and variance of Y (¢) with respect to the Brownian motion 8 which, taking into
account (14) and (16), for large t become

m(t) ~ y+ g sin(x)
t

v(t) ~ et +g°- (18)
€

Introduce the rescaled variable
z = py/o(t) (19)

and the rescaled white noise



v(t)

where £ stands for the equality in the sense of distributions. In terms of these quantities
we can rewrite the representation formula of T as

Ti/éﬁm%' ¢Em|¢”<
R

Therefore (using (18))

dWy(z) £ v(t)1dW(

) (20)

(t)) ai(z) (1)

vt 2~ Vi(2) — 0 ast — oo
6= /T [ V" T oty (So=)ile) = 0 ast

where the limit here and below is understood in the sense of distributions and

$=/Cs / 2| dWi(2) (22)

This implies that for large times we have

T(t,) £ o(t) 5§ (23)

Using the explicit formula for T we can compute E(t) = E, gT? which is

By 6T? = Coqlu(t)~5° /R € 2] (—2m )d2] (24)

| ( )
From (18), this is

B(t) £ oyt~ 4 o= ) (25)
By rescaling T' we will obtain a finite limit, namely let us consider the quantity:
T
0= — 26
VE (%6)
Then the above allow us to conclude that
0(t,-) 2 0(t) ast — oo (27)
where
- 92 _14a -
6 =Cs(e+ ?) 1 ¢ (28)

We can now compute the tails of the probability distribution of 8. As ¢ is normally
distributed with mean zero and variance & (which can be explicitly computed, see (22)),
we have (assuming without loss of generality that C3 = 1,6 = 1 for the sake of simplifying
the computation):

P(9'>A)_—.P((e+—) > A) _/ /|a|a o, \;;:rdadPg C(29)
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where

2g° 2 _:2
Pg—P(€+'6—_<_6>= |5—Z|e 27dz (30)
2
Integrating by parts in (29) we obtain:
= 1 A [ o Lfo
P> ) = 1+ 557 "N T pds (31)

2V2m  Jo

In order to compute the integral, for A >> 1 thanks to the exponential factor and to
the Laplace method, we only need to know Ps for small 4. Using the change of variables

4
d = sA” T+a by standard, though tedious, computations we get (11) to the leading order in
A (as A — 00).

4 The Forced Case

4.1 The one mode, time independent, stirring

We will consider the flow to be given by:

‘T <Sin(:z;g+ w)) %2

where g is a Gaussian random variable which has mean zero and variance one and ¢ is a
random variable uniformly distributed on [0,27]. The two random variables are indepen-
dent.

The passive scalar equation becomes

T, + 9Ty + sin(x + )T, = eAT (33)
Assume also that the mean gradient of T' is imposed
rT=Y47 (34)
L
Then T will satisfy the equation

sin(x + ¢)

T, + g1y + sin(z + go)Ty + = AT (35)

In this specific case, the general heuristics from the second section can be made more
precise and we have a simpler mechanism which is responsible for intermittency and can be
understood as follows.

Let us assume that T represents the temperature and we have a region made of two
parts, one hot ((z,y) € R? with 2 > 0) and one cold ((z,y) € R? with 2 < 0). In the generic
case, when g # 0 we will have transport in both z and y directions, and thus mixing of the
cold and hot which will lead to a decrease in the average temperature. In the realizations



when g =~ 0, however, the flow u points only in the y direction, so (neglecting the effect
of diffusion) there is transport only in the y direction. The hot region remains hot, and
the cold one cold. The extreme values of temperature will not be significantly changed.
Therefore one expects that the rare realizations where g ~ 0 will strongly influence the
average over all the realizations leading to a non-Gaussian distribution of T'. Indeed, we
will obtain that the tails of the PDF of T' decay like A~2.

In order to make the above reasoning rigorous let us consider the stochastic differential
equations associated to (33) '

dX (t) = gdt + V2edB.(t), Xo =
dY (t) = sin(X (t) + $)dt + v2edBy(t), Yo=1y
which have the solution

{X(t) =z + gt + V266 (t)
Y(t) =y + fysin(z + ¢ + gs -+ V2eB5(s))ds + V2B, (t)

Assuming that the initial data is zero (if not it can be shown it decays) by Feynman-Kac
formula we get the following representation of the solution

t
T = _Eﬁ/o }I:sin(:r + ¢+ gs + V2eB:(s))ds (36)

Thus in each realization we have that

lim T(z,y,t) — T(z,t) =0 (37)
t—00
where T is
— . 1gcos(z + @) — esin(z + ¢)]
I(z)= L €2 + g2 (38)
We are interested now in computing
fO)=P(T(z) 2 N (39)

To this extent,taking into account the independence of ¢ and g, we will compute first
the moments only with respect to the uniformly distributed random variable ¢. Indeed, we
have

27
BT = (L@ + ) ™5 [ (gcos(e) = esinie)) s (40)
v _O
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One can compute the last integral, namely
27 1 27 . .
/ (g cos(¢) — esin(4))*d¢ = Y / (g + €i)e™ + (g — ei)e ™) dz
0 0

1 2 2n In—m m_ix(2n—m—m)
T oom 0 S m (g + €i) (g —€i)™e dz

_ 5%(2:) (6 + )" (41)

So

—k2?
= J0< ————LQ(EQHQ)) (42)

(where Jy is the Bessel function of the first kind) and thus

: _ e
J(k) = \/2—7_ < m)dg (43)

Expressing f(A) in terms of its inverse Fourier transform and using the fact that f(\)

is real valued we have
1 ’ -~ A.A 1 oe -~

foy) = §R§—/ f(k)et dlﬁzﬂ?—/ f (k) cos(kA)dk
is R ™ Jo

o/ —
= %7‘2—;—3/5/ (/]R e 9 /2J0 ( Wl‘—g)—> dg) COS(k,)\)dk
_ / VIERTS g2 / Jo ( ]” ) cos(kA)dkdg

7r3/2 L2(e2 + g?)

1 2 ~00 —k2
sPR—— ‘9/2/ Ji ————— | cos(kA)dkd
+ s \/§7r3/2 '/R/[_\/L 1)\ _(2’\/1“ 1/\ ~€2]6 A 0 L2(€2+92) CO%( ) g

wlere for the second we used the fact that the Bessel function of the first kind is an even
function; also for the fourth equality we used Fubini to interchange the order of integration.

Recall that

goe —k2 62+92
————~ | cos(kA)dk = 44
/0 Jo ( L2 + 92)> cos(kA)dk \/1 T L2302 120242 (44)

which is a real number if




ge (- \/Lz)\g €, \[’L‘zlﬁ — €] | (45)

and purely imaginary (i.e. with zero real part) otherwise. Using this observation and
combining the last two relations with get:

/\/—‘; \/ 2 +g°

1— L262)\2 _ L2/\2g2dg

(46)

\/_7r3/2
1

which clearly holds if and only if A < . On the other hand, taking into account the
definition of T'(z) and of f(}) it is easy to see that for A > & we will have f()) = 0 and
thus f(A) is a function with bounded support.

It follows that

2
lim f(\) = ‘/3_ _°’9
72 Jo \/1——L2/\2 2
2 2 f
= e (m) (47)
wL|A|

which asymptotically, in the limit A — oo behaves like

lim f(\) ~ ‘/—?,\—2 (48)

e—0 T2

4.2 The Gaussian multimode forcing

- (o6 (#9)

where g is a Gaussian random variable which has mean 0 and variance 1, and v(z) is a
Gaussian process specified by

In this section we consider the flow

_ / AW (k) /E(R) et (50)
R

(we will need to assume that the function E(k) is compactly supported away from 0 and
also that [p Mdk < 00).
In this case we obtain a similar behavior as before, though the ingredients are quite
different. Namely we will obtain that the tails of the PDF of T will decay like A~2.
Indeed, arguing analogously as before we will obtain the solution will evolve as t — oo

to the solution of stationary equation

0=—9gT, + €Tyr — E(Li) (51)

which will give us the representation formula for he solution:
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T(z) = ——/ d?‘/dI/V 1k(m gt)—ek?t

L/dW(A) E(k)etk® !

e 2
ek? + ikg (52)

1l

This is a Gaussian random variable (as a superposition of Gaussians ) whose moments
with respect to W are:

2n)! 2n E(k)dk
Ew (T Qn,:( E ’TQ no_ / n
W@ = S ET @) = 2 ([ ) (53)
Fle.g)
Hence 2 (o))
1"k 2n)! 1,2
) 0o . n __ —-k“F(e,g)
]EWC Zn—'() (277)' onp! F(G,g) =€ ? (54)
which implies
_ _1_ —g2/2 -3 F(e.g) ik 1.
= e e 2 e""dk dg (55)
s
Since F(e,g) — M (when ¢ — 0, with M = Jx —Ujﬁ < 00) and by Lebesgue’s dom-

inated convergence ’rhoor(‘m if follows that f.(A\)—f()) where (assuming without loss of
generality for the sake of computational simplicity that M = 1)

(¥

2 @2 2y
L) = // S AL dg—\/‘/ g(l+A odg
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Internal wave breaking and mixing in the deep ocean

Marcus L. Roper
July 18, 2006

1 Introduction

We begin by outlining the two pieces of observational evidence that motivate this study.

1.1 Anomalous diffusion

The density of the abyssal ocean decrcases by almost 3% from the ocean bed to the seat of
the thermocline. Even when compressibility effects, such as would exist in any hydrostat-
ically balanced fluid body, are accounted for there remains a significant potential density
variation with depth, representing uncqual distributions of temperature and salinity. The
maintenance of this density stratification must be understood as a dynamic process. In nar-
row regions of the ocean at high latitudes, fluid near the ocean surface is cooled sufficiently
that it becomes denser than the fluid that supports it, and sinks to great depths, mixing
with entrained fluid. Accordingly, latitudinal sections of the potential density in the ocean
often depict cold dense intrusions of fluid from the Antarctic or Arctic Oceans, see the
Figure 1. It is estimated that in the Pacific Ocean such cold intrusions supply fluid to the
lowest, kilometre of ocean at a rate of 25-30 x10%kgs™! [16]. There must be a corresponding
upwelling of fluid in the mid-occan or else the centre of mass of the fluid system would
be lowered with time. Such an upwelling would annihilate any variation in density, unless
thwarted by downward diffusion. Specifically, if we write w for the mid-ocean upwelling
velocity, we can construct an approximate balance for the two rates of density transport in

the vertical direction z:

W— = K

0z 022
Balance in this equation leads to equilibrium distributions with a vertical scale height
H = k/w, and with w =~ 107"ms™! and H ~ 1km known for the abyssal ocean, we may
use this formula to estimate the effective diffusion of density: & =~ 10™*m?s~! [16]. This
greatly exceeds the molecular diffusivities of salt and heat (on the order of 10~%m?s~! and

0 9?2
P p (1)

YA great deal of coarse-graining of horizontal effects, and averaging out of vertical variations must take
place before this one dimensional equation may be arrived at, but the inferences drawn from it are supported
by more nuanced calculations. In particular, the balance may immediately be put on a more firm footin
A I . A ]

by interpreting z as a local diapycnal coordinate - that is relating the isopycnal surface-normal components
A 1 g P! g P! p

of the velocity field and diffusive flux [15].
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Figure 1: Potential density (o) distribution in a section of the Pacific Ocean stretching from
Antarctica (south) to the Aleutians (north). Isosurfaces are labelled by the (o — 1000) x
103/ kgm™3, in increments ranging from 0.20 in the thermocline to 0.02 in the ocean abyss.
The black corrugations are the ocean bed. (Figure taken from [16]).

10~ "m?2s™! respectively. This disparity gives strong evidence for the dominance of other
dynamical mixing processes over molecular diffusion. In the past decade strong observa-
tional evidence has emerged for enhanced eddy diffusion localised within layers of ocean
hundreds of metres thick above rough or steepening regions of the ocean floor [7, 11, 13].
These mixing zones extend far beyond the turbulent boundary layer of ocean in immediate
contact with the bed, signalling that the anomalous diffusion is a non-local effect: that
fluid driven over the ocean floor in tidal flow, mesoscale eddies or else wave-driven currents
generates internal waves which break at some distance from the ocean floor and in so doing
mix up the local density field.

1.2 A universal spectrum of internal waves

The oceans are never silent, but resound with internal inertio-gravity waves at all length-
scales. Compared to the energies and velocities associated with the ever-present wave field,
the currents that are conventionally thought to control the global transport of temperature
and salinity are in many places rather feeble. Studies by Garrett and Munk in the 1970s,
culminating in [4], showed that data collected from moored, towed and dropped sensor
studies of the spectrum of waves within the ocean can be united into a single common
spectrum. There are various equivalent ways for casting the spectrum (see Section 2), but
one common form is in terms of the horizontal and vertical wavenumbers m and kp:

_ 3fNE.m/m,
T (14 m/m,)52(N2kZ + f2m?2)

E(kp,m) (2)
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Figure 2: Energy spectrum in (ky, m) space. Transects represent permitted observational
probes of the spectrum by towed horizontal correlation (THC) and dropped vertical corre-
lation (DVC) detecting instruments. The cleavage plane ky = m(1 — f2/N?)}/? does not
represent a physical cut-off, but is intended to clarify the plot.

where N is the buoyancy frequency, and f the frequency of purely inertial waves, and
the significance of these two parameters will be discussed in Section 2. The wave-field is
isotropic in any horizontal plane, so only a single horizontal wavenumber enters the relation.
The spectrum is graphically shown, including various distinguished limits of small or large
wavenumber, in Figure 2 drawn from [4]. The variation of the dimensional spectral density
E, and the bandwidth m, with f (viz latitude) and N have been obtained theoretically
and validated by observation [6)].

The existence of a universal spectrum has become a dogma of oceanography, allowing
the rate of mixing on centimetre scales to be backed out from the amount of energy in wave-
lengths of tens or hundreds of metres, scales which are much easier to probe experimentally.
A raft of interlocking assumptions takes us from the measurements of long wavelength
modes that can be relatively easily performed (using for instance acoustic Doppler profil-
ing) to the small scale dynamics of interest. The rate of turbulent dissipation equals the
rate at which energy is supplied from to the mixing scales, and this can be computed using
a semi-empirical formula (see footnote 13 in [11]) comparing the mean-square shear rate,
latitude and buoyancy frequency to the open ocean Garrett-Munk spectrum at a reference
latitude of 30°. The rate of turbulent dissipation stands as a proxy for the dissipation of
available potential energy. Total turbulent dissipation (e) is assumed to exceed dissipation
of available potential energy by some factor between three and five. Thus the effective
diffusivity x = Fe N =2, with I" taken to be between 0.2 and 0.3. Various links in this chain
of inferences have already been scrutinised theoretically (see e.g. the discussion of the use
of a constant value of I' in [10]).
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1.3 Outline: A new weakly nonlinear model

In reviewing the observation evidence for a universal spectrum of internal waves, and the
detailed use of this spectrum to estimate mixing rates, three questions should immediately
be apparent to the reader. How can an equilibrium spectrum arise as an equilibrium state
of interacting waves? How do the waves interact? How is the rate of mixing related
to the energy present in the wave-field? There have been several attempts to reproduce
limits of the Garrett-Munk spectrum from theoretical arguments, in particular a recent
result by Lvov et al. [9] showing that the high frequency and short wavelength part of the
spectrum is consistent with a model of resonant triad interactions between waves of different
wavenumbers. In this report we propose a weakly nonlinear theory in which interactions
between waves are viewed as spatially and temporally isolated but highly non-linear events,
producing well-mixed zones of fluid. Between interactions waves evolve according to the
linearised equations of motion. The use of linearised equations of motion to describe the
collapse of well-mixed zones in stratified fluids is known to result in not too severe errors
[1] in predictions of the density and velocity fields. '

2 Evolving the linear modes

We restrict to two dimensional disturbances with uniform background stratification and
no associated mean flow. We apply the Boussinesq approximation that variation in the
fluid density occurs on a much longer length-scale than variation in any of the perturbation
velocity fields, in which case it may be shown (see §6.4 of [5]) that the density may be taken
to be constant in any evaluation of the rate of change of fluid momentum, and density
variation admitted only when buoyancy forces are computed. The density field is then
decomposed into three separate components: p = pg + p(z) + dp(z, z,t), and a hydrostatic
component is subtracted off the pressure field to balance the background stratification pg-+p.

Following §8.4 of [5], we may write down a triple of equations representing linearised
momentum balance:

u— fv = L (3a)
Po
w+fu = 0 (3b)
wy = b— P: v g , (3¢c)
Po

where (F, 0, H) are the components of a specific body force that sets the fluid into motion,
(u, v, w) is the disturbance velocity field, and b = —9;503 the buoyancy field. The dynamical
effect of the rotating frame has been trammelled up into the pair of Coriolis force terms on
the right-hand side of (3), in which we have followed convention by defining a parameter f =
2Q: centrifugal terms are assumed to have been assimilated into a redefined gravitational
acceleration g.

Mass continuity then takes linearised form:

b+ N?w=0, - (4)

while, consistent with the Boussinesq approximation, we may assume that fluid parcels
neither gain nor lose mass as they are advected by the fluid, giving rise to the standard
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incompressibility relation:
ug +w, =0. (5)

We make immediate use of the incompressibility equation by defining a streamfunction
1) such that u = 9,, w = —;, allowing us to reduce the number of time-evolution equations
by one. Specifically, subtracting the z-derivative of (3c) from the z-derivative of (3a) gives

the vorticity equation:
Vth_fUz:“‘bz+7a (6)

where 7 = F, — G, is the specific torque associated with the body force posited above. We
define a potential temperature for the fluid:

=90 =p) _ N2y (7)
Po
so that the disturbed fluid is stably or unstably stratified according to whether 6, 2 0.
We scale lengths by the horizontal and vertical dimensions of our experimental box
(Lg, L), defining dimensionless hatted variables z = L%, = L,&. We also define an
aspect ratio e = L, /L,, which we anticipate being small. It is natural to scale the buoyancy
field using the background potential temperature: b = N2L.b, and the time by the buoy-
ancy period t = £/N, which will turn out to be the minimum period of any of the linear
inertia-gravity wave modes of the fluid body. Scalings for the other dynamical variables
follow from selecting dominant balances between pairs of terms in the vorticity and mass
conservation equations. Balancing the rate of increase of vorticity ..; with the rate of
baroclinic gencration b, suggests a scaling for the velocity fields: ¢ = eNLEd), and we
scale v to balance the y-component of the fluid acceleration v; with the Coriolis force fu:
v = €2NL.. To ensure that the specific torque term participates in the dominant balance
of terms in the vorticity equation set 7 = e N?7. We drop the hat decorations straightaway,
and present in dimensionless form our remaining governing equations:

0? 52
2 ( . B
<€ 9.2 + é?) py —ePrv, +b, = 7 (82)
€V -+ Pr 'L/)z — 0 (Sb)
b — 621/}x = 0. (8¢)

Here Pr = f/N is sometimes called the Prandtl ratio, and encodes the relative strengths
of buoyancy to inertial forces. It is natural to take ¢ = Pr, i.e. to consider a box with
aspect ratio dictated by the balance between rotational stiffness in the horizontal direction
(the tendency of fluid to move in Taylor columns), and stratification stiffness in the vertical
(resisting any lifting of isopycnal surfaces). A typical deep ocean value of the Prandtl ratio

is Pr=0.1.

2.1 Unforced modes

With F and H set to zero, the fluid body supports frec inertiogravity waves. It suffices
to consider the evolution of plane-wave disturbances, with well defined wavenumber k =
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(k, 0, m). The time evolution of the (¥, v, b) fields must satisfy the triplet of equations:

—(e2k? + m?)y, — iePrmo +ikb = 0 (9a)
evy +imPry = 0 (9b)
by = ie’ky . (9¢)

Since there is no explicit time dependence in these equations, we are allowed to seek solutions
with monochromatic time dependence: (¥, v, b) e~ (k) for some eigenfrequency w.
Determination of the eigenvalues and eigenvectors of the associated linear operator reveals
the existence of three unforced modes of the body:

(i) A geostrophically balanced steady mode, with w = 0. The pressure field is hydrostatic
p2/po = b, and the y-component of the velocity field fixed by the Coriolis-buoyancy
balance in (3a):

Yy =0 and kby=ePrmu, . - (10)

(i1),(iii) Two propagating modes with frequencies

Pr2m? + €2k?2
wxlb) =2\ g -

Prmiy = tewsvy and Prmby = —ekvy . (12)

with wave-components

With a little algebra, we see that an arbitrary initial disturbance may be decomposed
into balanced and propagating wave fields as:

Ge=0 b _ Pr?m?+ &k Prmo o = kPrmbt €k (13)
b= "7 TP m? 4 k2e2 b € (Pr?m?2 + €2k?) ’
with 1 kb P 1 Y  kb—¢P
WKO — €w rrmuv 9 — E€Errmv
== == Ty 14
(/2 5 <¢;c Pr2m2+62k2) by 2k6 <¢W+Pr2m2+62k2) ) (14)
and

1 (iPrTmb 3 kPrmb——ePerzv) ; (15)

YT 9e w Pr? m?2 4 e2k2
where we have identified w = wy, and note that such modes can then be evolved with time
analytically. Note that the above expressions are singular if both £ and m vanish: this
corresponds to static raising or lowering of the entire body of fluid.

2.2 Forced modes

Grave modes of the system are forced by some external agency. To avoid imparting un-
wanted spatial or temporal structure to the disturbance thereby set up, we assume white
noise forcing. Each mode may therefore include a forced component:

o (V) (R 0 mEm\ e\ . (1
=1 b ]= 0 ie%k 0 b )= | 0] ()
v 0 _iPrm 0 v me+e 0

€
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where, by appropriate choice of the unforced component, it suffices to consider the initial
conditions ¢y = b= v = 0 at t = 0. Now, it can easily be seen that the form of the forcing
is such as to never excite the geostrophically balanced mode, so that any forced mode can
be instantaneously decomposed into contributions from the two propagating eigenmodes.
Supposing that we have not chosen to force a mode with vanishing vertical wavenumber
(although the extension to such purely buoyancy driven waves is trivial) it is convenient to
chart the evolution of these two modes via the v-amplitudes:

Prm t 14
— w(s—t)
v (1) %EZew(e?kQ +m?) /o ‘ Tis)ds, a7)

where for white noise forcing the integration measure may be written as 7(s) ds = 7o(dWis+
idWay), where 79 is some constant representing the strength of the forcing, and Wi, Wa,
are indcpendent Wiener-processes. We therefore see that vy (t) are both (complex-valued)
Gaussian random variables, with easily computable mean and expectations. A little algebra
then gives the evolution of the forced modes:

Sk €w
Prm)s(k,t) and (k,t) = Prom

where X and Y are complex Gaussian random variables with covariance matrix:

o(k,t) = X(k,t), blk,t)=— Y(k,t),  (18)

RX _x \7
E X 5.4 - Pr? m?+¢ ,
RnY ny w?(m? + 2k?)?
Y Y
32 (1 — 5= sin 2wt) 0 0 15 (1 — cos 2wt)
0 3 (t— =sin2wt) (1 — cos2wt) 0
0 (1 —cos2wt) 3 (t+ o sin2wt) 0
(1 — cos 2wt) 0 0 2 (t+ 5= sin 2wt)

The stochastic evolution of the forced linear modes can therefore also be performed ana-
Iytically. It will be necessary in diagnosing the proximity of the system to an equilibrium
state to relate the rate at which energy is supplied to the system by white-noise forcing, to
the rate of dissipation in breaking cvents. As an intermediate step to doing this, it is useful
to write down an cnergy balance the distribution of energy between system modes:

%% (0B + ' o(k)? + E(ER +m)p(R)P) = €Y 7(k)p(—k)  (20)
T k

the first term on the left hand side gives the available potential energy of the system (the
amount of encrgy that would be liberated if the precxisting stratification were restored), and
the remaining two terms the kinetic energy for out-of-plane and in-plane motion respectively.
For freely propagating disturbances it may be shown that energy is equipartitioned between
the first pair of terms and the third.

3 Wave-breaking

Large amplitude wave-disturbances are vulnerable to both shear and Rayleigh-Taylor insta-
bilities. In general these two mechanisms act together. Many experimental, numerical and
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theoretical studies have addressed the cascade of instabilities in a linearly stratified shear
layer. It is known that for simple shear flows, shear instabilities set in only if the Richard-
son number (Ri = N2/u?) does not exceed 1/4 [8], and direct numerical simulations have
tracked the instabilities then produced, starting with the formation of Kelvin-Helmholtz.
billows that overturn the stratification gradient, and followed by production of streamwise
eddies [12]. However, this Richardson number criterion is known not to be an accurate
predictor of instability in other flow configurations [3], and the Reynolds numbers for which
accurate simulations of the instability-induced mixing are feasible remain an order of mag-
nitude below those seen in the ocean. Regardless of the obscurity of the conditions needed
for instability and of the kinematics of mixing, experiments [8] and observations of atmo-
spheric clear-air turbulence [3, figure 5] give a clear and consistent picture of the eflect of
mixing upon the stratification in a fluid: compact patches of well-mixed fluid are produced
(with stratification obliterated) and gravity waves shed into the surrounding medium. The
mixed patches are typically surrounded by layers of steeply stratified fluid, giving rise to an
easily identified “rabbit-ear” signature in radiosonde studies of the thermal profile, which
would correspond to sharp spikes in N2 in our system.

We introduce a simple diffusive model for the mixing of fluid by a breaking gravity wave.
Mixing is taken to occur whenever the fluid becomes gravitationally unstable (so that at
some site §, < 0), with no accounting for shear enhancement. The mixing time-scale is
assumed to be much smaller than the period of the wave that triggered mixing, so that the
continuing evolution of the wave-field can be halted while mixing occurs. For simplicity,
mixing is assumed only to redistribute fluid mass so that the Eulerian distribution of velocity
is frozen in during mixing. This is unphysical, but allows the question of parametrising the
turbulent dissipation of kinetic energy to be side-stepped. To select a diffusive model we
impose the following constraints:

(i) Mixing must be energy-dissipative. Since the velocity field is unaffected by mixing,
this means that the available potential energy must decrease monotonically with time.

(il) Mixing zones must have compact support, and must include all regions of fluid in
which 8, < 0.

(iii) Density must be exactly conserved at all times.

(iv) Mixing must terminate upon reaching a stably stratified state. The mixing scheme
should produce well-mixed zones, rather than set up a stable stratification.

(v) The “rabbit ear” structure should be reproduced in the layers of fluid surrounding
mixed-zones.

Constraints (ii)-(iv) point towards a diffusive scheme in which the diffusive flux is propor-
tional to the gradient in the potential temperature rather than buoyancy (that is J « —V#,
rather than o« —Vb). A simple candidate scheme has:

0
5% =V -(D[6,]VE) with DI[f,]=—-H(-6,)0, . (21)
Here the H(z) is the Heaviside function, and we have introduced a mixing-time variable

T. In our scaled geometry V = (ea%, 5‘9;) Check that property (i) is satisfied: Multiplying
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Figure 3: Diffusive scheme applied to the unstable buoyancy profile: b(z, z) = 0.3 exp|[—((z—
0.5)2+ (2 —0.5)%)/0.09] cos[27 (z + z)]. (a) (b) are surface plots of the potential temperature
distribution before and after mixing. (c¢) and (d) give potential temperature profiles on the
transects ¢ = 0.6 and z = 0.6 respectively. The blue curve is the profile before mixing, and
the green curve is the profile after mixing.

both sides of (21) by b and integrating over the entire of the fluid domain, we have

d 1 o o b 2 .
= 5/b dmdp——/D[92]<8z+|Vb] )dmda<0 (22)

since by construction D = 0 except where 0b/0z < —1. In integrating by parts and dis-
carding boundary contributions, we have made tacit use of the fact that periodic boundary
conditions will be imposed upon b. Physically we expect strong diffusion initially in zones
where 8, < 0, but that diffusivity will bleed away with time, leaving patches of uniform
6 (in z if not in x). An example of the application of this diffusive mixing scheme to an
initially unstable density profile is shown in Figure 3. Note that for typical aspect ratios
(e ~ 0.1) density is almost conserved at each z-station. At z-stations with a single density
inversion (i.e. interval in which 6, < 0) this means that the mixing produces a Maxwell-
type construction, with the density made uniform in the smallest z-interval that contains
the unstable zone, while conserving total fluid mass and giving a continuous final density
distribution (see Figure 3c). The weakness of density diffusion between z-stations means
that density distribution is markedly less smooth on horizontal sections than on vertical
sections (sec Figure 3d). This is intuitively appealing: although the breaking inertiogravity
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waves respect the z and z scalings introduced here, Coriolis forces act only weakly upon the
turbulent eddies generated during wave breaking, so that we expect mixing to be isotropic
in the unscaled = and z coordinates.

Note that condition (v) is not satisfied by the diffusive scheme (21) which always pro-
duces continuous @ profiles, and does not in general enhance the stable § gradients surround-
ing a mixing zone. One remedy for this would be to extend the support of the diffusivity
function D to include some region of stably stratified fluid. Ensuring that this is com-
patible with the dissipative condition (i) is difficult. In the direct numerical simulation
literature the Thorpe displacement is sometimes invoked for this purpose [12]. The Thorpe
displacement d(z;z) is defined for the column of fluid occupying each of the z-stations, as
the minimum distance that the fluid particle at z must be moved in a vertical reordering of
the fluid particles in the column to create a stable stratification. It has been suggested that
at any instant the region in which turbulent overturning must occur can be identified with
the part of the fluid having non-zero Thorpe displacement [2]. However, one may easily
construct examples in which diffusion over the entire zone of non-zero Thorpe displacement
would lead to a gain in available potential energy, in violation of condition (i). A more
promising approach attempts a more careful budgeting of the energy available for mixing
from both the kinetic energy and available potential energy of the flow. The diffusivity D is
identified with the amount of turbulent energy present, and is allowed to self-diffuse. Zones
of fluid in which 6, < 0 are treated as diffusivity sources and sinks respectively. While these
models allow diffusion over significantly larger fluid regions than (21) and may therefore
satisfy (v), and can be constructed so as to conserve [14] or dissipate energy, they also
require the addition of multiple ill-constrained parameters for the separate diffusivities of
density, momentum and turbulent energy.

4 Numerical implementation

A cartoon of the numerical scheme for combining linear evolution (§2) with diffusive mixing
(§3) is given in Figure 4.

We describe briefly some of the numerical desiderata. We impose periodic boundary
conditions upon the b, 1 and v fields, and discretise the numerical domain with a grid of
M points in the z direction and N points in the z-direction. Typically we let M and N
range from 32 up to 256. Fast Fourier Transforms are used to pass between physical and
wavenumber representations of the wave fields. The time interval At over which the fields
are allowed to evolve between mixing events is held fixed throughout the simulation, so that
the evolution of the unforced components can be determined in advance by the computation
of time evolution operators exp(Fiw(k)At) for each of the modes. Stochastic evolution of
the forced modes requires us to generate the Gaussian random variables X and Y that
feature in the equation (18). We do this by calculating the covariance matrix (denoted by
C(At; k)) for (RX,3X,RY,3Y), and finding its Cholesky decomposition C = LLT. The
requisite X, Y at each time step may then be generated as (X, 3X,RY,QY) = L&, where
¢ is a quadruple of N(0,1) random variables.

For the implementation of the diffusive mixing step, spatial derivatives are approximated
by second order centred differences, and the time stepping is performed with a fully implicit
second order scheme (the Matlab routine ode23s, based on the Rosenbrock formula, which
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Figure 4: A numecrical scheme for combining linear evolution with diffusive mixing.

we have altered to make use of UMFPACK to perform an LU-factorisation of the large but
sparse Jacobian matrix). To cnsure that the associated system of time equations have a
well-defined Jacobian it is necessary to smooth the Heaviside function term appearing in

the diffusivity. In practice we use:

H(r) ~ % (;17 + Va2 + 46) , (23)
where the smoothing length € is set at machine precision € ~ 10712 without any evident
irregularity in the running of the code. Diffusion was terminated when 6, exceeded some
critical value (typically -0.005) throughout the fluid domain. Numerical results for the
mixing step were tested using a finite element package (COMSOL Multiphysics 3.2).

There are two fundamentally different experiments that can be performed using the
numerical sclieme described here. In the first, relazation, all wavenumbers are initially
given identical encrgies, randomly allocated between leftward and rightward propagating
modes, and with uniformly randomly distributed phases for each component. The system is
then allowed to evolve without forcing until it reaches equilibrium with, in the end stages,
exponential decay in the total energy, and increase in the waiting time between mixing
events. In the second experiment, build-up, one or two of the gravest modes of the system
are supplied with white noise forcing, and the transmission of energy from these modes to
other modes is charted.
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Figure 5: (a) Effect of varying initial state. The three curves give relaxation dynamics of
system starting with different random initial states. (b) Green data set replotted on log-log
scale. All simulations are run with M = N = 64.

5 Results

5.1 Relaxation experiments

The effect of the initial state upon the evolution of the system is shown in Figure 5a. Only
the energy in propagating modes is plotted - the contribution from geostrophically balanced
modes is an order of magnitude smaller. In part b of the figure, one of the data sets is
replotted on a linear-log scale to show the exponential convergence of the total wave energy.
It can be seen that the initial state is not forgotten, but helps to determine the total energy
that the system relaxes to. Two systems with initially closely separated energies ultimately
equilibrate with similar energies, as the red and blue curves show.

Phase structure in evolved states. It must be asked whether the equilibrium states of
the system have definite phase as well as energy spectra - i.e. that the different wave
components must have specific phase lags to avoid constructive interference that may lead
to breaking. We test for this by taking one of the late time system states from Figure 5a,
randomising all of the phases and allowing it to evolve with time, to see if the equilibrium
is altered. Results are shown in Figure 6. It is seen that the apparent equilibrium energy
of the propagating modes (which is found by fitting the energy-time curve to a decaying
exponential and extrapolating to infinity) varies by less than 2%. This suggests that the
equilibrium phase spectrum of the system is white.

The effect of varying the time-interval between mizing events is shown in Figure 7, in
which an identical initial state is let evolve three times, with different time intervals At
between mixing events for each of the iterations. The energy of the system is sensitive
at early times to the value of At, but not the value of energy that the system ultimately
converges to. Smaller values of At give faster convergence to the equilibrium energy.

Evolved spectra. In Figure 8 we compute the detailed distribution of energy among wave-
modes for the green data set from Figure 5. The spectra corresponding to other data sets are
qualitatively similar, and we are developing methods for direct comparison. The redness of
the spectrum is similar to that of the Garrett-Munk spectrum, although lack of resolution
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Figure 7: Effect of varying time interval between mixing events upon relaxation dynamics.
Red curve corresponds to At = 13.40, blue curve to At = 4.46, and cyan curve to At = 1.12
(all times are measured in units of 1/N).
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direct comparison of the scalings for the inertial peaks. The spectrum is also

peaked at small m (corresponding to purely buoyancy driven waves) in visible disagreement

GM spectrum. These modes correspond to lifting of vertical columns of fluid, and

do not therefore participate in breaking: either in determining whether breaking will occur,
or in mixing, because, as was discussed in §3, this mainly leads to vertical transport of mass.
The persistence of these modes, once excited, is a knotty problem for the model.

5.2 Build-up experiments

It is not feasible to force a single mode of the system, since any spatial periodicity of
the forced mode will be inherited by the modes created during wave breaking, leading
to a sparse energy spectrum. To break this symmetry we force a pair of grave modes
(k,m) = (2m,+27) with the same forcing constant 7y, and the first mode initially just
below its breaking amplitude and the second mode started from zero amplitude. It is also
necessary to impose an adiabaticity constraint upon the forcing, that the time taken for the
forcing to bring the forced mode to breaking must greatly exceed the period of the mode,

Wi 1/2 m? + €2k?
— —_— 2
o< (27r> Zkm @

For 7y significantly greater than this threshold value, the energy in the forced modes is

to grow without bound. Wave-breaking only removes energy from the buoyancy

field, and we can only be assured that energy is equipartitioned between the available
potential energy (plus the out-of-plane kinetic energy) and the in-plane kinetic energy if the
adiabaticity condition is met.

It can be seen that the energy spectrum is dominated by the handprint of the forced

modes. These modes remain saturated (at the brink of breaking) and transmission of energy
to other modes is inefficient. In Figure 9a we show the total energy budget for one realisation
of this system, showing that that it attains a flux-dissipative equilibrium (with the rate of
dissipation by mixing equal to the energy input from the white noise). Experimentally the

mearn en

ergy value in this equilibrium depends upon the particular modes being forced,

but not upon the strength of the forcing 79 or upon the time between mixing events At.
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Figure 9: (a) Energy budget for forced mode, showing rate of energy input from white noise,
against total energy of all wave modes. (b) Time-averaged energy spectrum when system has
attained flux-dissipative equilibrium. Simulations were run on an older version of the code,
onan M = N = 2° grid, with unnormalised energies (which must be divided by M2N? = 220
for comparison with Figure 5) and anisotropic diffusion (setting V = (9/dz, 8/0z) in (21)),
but are in qualitative accord with experiments using the modified code described in this

report.

The rate of energy increase in unforced modes is slow, and it is unclear whether a forced-
dissipative equilibrium has actually been reached by the end of the simulation. In truth
Figure 9a probably represents no more than the achievement of a flux-dissipative equilibrium
for the single forced mode of the system. In Figure 9b we show the (coarsely-binned) energy
spectrum of the system as a function of wave-number, showing clear peaking at the forced
wavelengths. It may be possible to clarify whether equilibrium has been attained by running
a hybrid of the relaxation and build-up experiments, in which the other modes are given
some initial energy and allowed to relaz to rather than build up to a steady state.

6 Discussion

Basic questions about the capabilities and limitations of the model remain unasked. The
preliminary simulations described here show that a large number of energy equilibria can
be accessed when an unforced wave-field is allowed to relax from some higher-energy initial
state. These states appear to all have structure-free phase spectra and relatively homolo-
gous encrgy spectra, suggesting that the family of equilibrium states could be parametrised
by their total energy, and we are in the process of running simulations to simulate relaxation
for a large assay of initial states at a higher resolution, in order to confirm this. The problem
of the persistence of m = 0 states remains unresolved. Results of the build-up simulations
are less promising - a method must be found to subtract out the forced mode from the
final spectra (Figure 9), or for hastening the equilibration of these modes. Incorporation of
forcing is vital to our efforts to use the model to tackle the problem of anomalous diffusion
(81.1), since the rate of mixing will be ultimately controlled by the rate of energy input into

the wave-field.
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1 Introduction

1.1 Oceanic background

Mesoscale vortices have recently been recognized to play an important role in redistribution
and transport of water properties (e.g. temperature, salinity) around the oceans. The
interaction of vortices with seamounts, submerged ridges, or islands might result in enhanced
and localized transfer of anomalous fluid from the vortices to the surrounding environment.
In addition, the interaction could end in the formation of new vortices downstream otherwise
complete destruction of the incident vortices. This topic has been investigated for the past
several decades for e.g. Meddies in the eastern North Atlantic, Agulhas rings in the eastern
South Atlantic, and North Brazil Current (NBC) rings in the western tropical Atlantic. In
the current study, we will focus on, in particular, the behaviour of the last kind of vortices,
NBC rings which interact with the Lesser Antilles.

It is believed that NBC rings are one of the leading mechanisms for transporting the up-
per ocean equatorial and South Atlantic water into the North Atlantic as part of the Merid-
ional Overturning Cell (MOC). The MOC transports cold deep water southward across the
equator and, to be balanced, transports upper ocean South Atlantic waters northward. In
the upper layers, the NBC is a northward flowing western boundary current that carries
warm water across the equator along the coast of Brazil (Figure 1). Near 5° — 10° N,
the NBC separates sharply from the coastline and retroflects to feed the eastward North
Equatorial Counter Current (NECC) [7]. During its retroflection, the NBC occasionally

pinches off isolated anticyclonic warm-core vortices exceeding 450 km in overall diameter,
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2km in vertical extent, and swirling at speed approaching 100 cms™!. These NBC rings
move north-westward toward the Caribbean at 8 — 17 cms™! on a path parallel to the coast-
line of Brazil. As part of the MOC, in most cases, they then interact with a complex island
chain, the Antilles islands [6] and enter the Caribbean Sea. (Episodically, they enter the
North Atlantic subtropical gyre.) The inflow into the Caribbean Sea ultimately feeds the
Florida Current which is now recognized to be a fundamental passage for northward trans-
port of upper ocean waters in the global thermohaline circulation. Therefore, the Atlantic
MOC (hence NBC rings) is an important element of the global thermohaline circulation
and a fundamental component of the global climate system. Recent observations reveal
that rclatively large (average diameter 200 km) energetic anticyclonic vortices were found
downstream of the Antilles islands in the Eastern Caribbean Sea and translated westward in
the central part of it whereas cyclonic vortices were observed primarily near boundaries in
the Eastern Caribbean Sca [11] (Figure 2). Unfortunately, it is difficult, by observations, to
know whether or not such large anticyclonic and cyclonic vortices observed in the Eastern
Caribbean Sea have been produced as a consequence of the interaction between NBC rings
and the Antilles islands, and if so, how they have been formed. In the present work, we

shall try to answer part of this question through laboratory experiments.
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Figure 1: Sketch of the upper-ocean circulation in the western tropical Atlantic from [5].

1.2 The previous works

Before mentioning a possible mechanism for the large anticyclonic and cyclonic vortices

formation in the Eastern Caribbean Sea, let us introduce briefly two previous works on
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Figure 2: Drift trajectories of 28 cyclones (blue) and 29 anticyclones (red). Anticyclones seem to be
dominant in the Eastern Caribbean Sea between 65°W and 75°W, from [11].

interaction of vortices with multiple islands.

The interaction of a monopolar, self-propagating cyclonic vortex with two circular cylin-
ders was investigated in the laboratory [2] (Figure 3 (a)). Typically after the vortex came
in contact with the two cylinders, the outer edge of the vortex was peeled off and a so-called
“streamer” (or two “streamers”) went around one of the cylinders (or each of the cylinders)
(Figure 3 (b)). When the streamer velocity v, was large enough (i.e. 400 < Re < 1100
where Re = vsd/v, and d is the diameter of the incident vortex), the “streamer(s)” turned
into a new cyclonic vortex (or two new vortices). During the experiments in [2], three
parameters were varied: G, the separation between the cylinders; d; and Y, the perpen-
dicular distance of the center of the vortex from an axis passing through the center of the
gap between the cylinders (see Figure 3 (a)). One of the remarkable observations in [2] is
that the flow within the vortex was “funneled” between the two cylinders and formed a
dipole vortex, much like water ejected from a circular nozzle generates a dipole ring. This
behaviour occurred provided that —2 < Y/g < 0, 0.25 < G/d < 0.4, and Reg > 200, where
g = G/2, Reg = UgG/v is the Reynolds number based on a length scale ~ O(G), and Ug
is the maximum velocity of the vortex fluid in the gap. The size of the created cyclonic and
anticyclonic vortices (i.e. a dipole) was smaller than that of the original vortex.

A second relevant work is a numerical investigation of the interaction of both a self-
propagating and an advected vortex with multiple islands [13]. The islands were represented
by thin vertical walls aligned in the North-South direction with gaps having a width of

20% of the vortex diameter. This study showed that if the individual islands were small
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compared with the vortex radius (e.g. L/R; = 0.3 where L is the island length, R; is the
initial vortex diameter!), the vortex reorganized in the basin downstream of the islands,
whereas it always split into multiple offsprings if the islands were large (e.g. L/R; = 1.5)
(Figure 4). Moreover, intense vortices experienced relatively greater amplitude loss than
weak vortices. The results of [13] may give an account of the observations of anticyclones in
the Eastern Caribbean Sca, but the generation of cyclones in the Sea can not be explained

by their results as no cyclones were seen in [13].

Figure 3: (a): sketch illustrating the geometry of the encounter between the vortex and two cylinders,

from [2]. The diameter of the cylinders, D, is bem. (b): sketch of a streamer, from [3].

p p

X EXPT 53
]

EXPT 35

&

(a)

Figure 4: Multiple-islands numerical experiments from (13]. (a): L/R; = 0.3. (b): L/R; = 1.5.

1.3 Hypothesis

Since the Lesser Antilles have passage width between 30 — 60 km and the approaching NBC

vortices’ size varies between 200 — 400 km, G/d lies in the range 0.07 — 0.3. Although this

"The definition of the vortex initial radius is not stated in [13], hence R; and d (defined in [2]) are not

necessarily equal.
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western basin “Jetlimg™ easterm basin
Figure 5: Sketch illustrating a possible formation mechanism for the large Eastern Caribbean vortices [11].

range does not exactly fit in 0.25 < G/d < 0.4 obtained in [2], it is natural to anticipéte that
dipole formation is likely to occur downstream of the Lesser Antilles’ passages. Assuming
that several pairs of dipoles are formed at western side of the islands, we expect that
transition from small scale vortices to large scale structures will occur by the merging of
vortices of like sign (Figure 5). When rotation is present, the scale to which the vortices
grow is determined by instability processes that inhibit vortices to grow to scales larger
than the Rossby radius of deformation [9]. The coalescence of same sign vortices is similar
to the well-known feature of inverse energy cascade in two-dimensional flow {10]. Finally,
vortices having a diameter of the order of the Rossby radius of deformation will form and

drift westward due to the planetary S-plane (Figure 5).

2 The experiments

2.1 Experimental apparatus

The experiments were performed in a square tank of depth 45cm, length and width of
115 ¢cm. Both ‘top-view’ and ‘side-view’ illustrations of the apparatus are shown in Figures
6 & 7. Some experiments were carried out in a much smaller tank (depth 36 cm, length and
width 60cm). However, as we are interested in knowing not only whether or not several
dipoles are formed when vortices interact with a chain of obstacles, but also the fate of the
dipoles (if they are really formed), it was appropriate to focus on experiments performed
in the larger tank. The apparatus in Figures 6 & 7 was mounted concentrically on a 2m-
diameter rotating turntable with a vertical axis of rotation. The sense of rotation of the
turntable was anticlockwise. A square tank was used to avoid optical distortion from side
views associated with a circular tank. The tank had a sloping bottom which makes an angle

a to the bottom of the tank in order for a vortex to self-propagate leftward when looking
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Figure 6: Sketch of the experimental apparatus: top view.
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Figure 7: Sketch of the experimental apparatus: side view.

upslope {4]. We note that there is an analogy between the 3-plane effect and the sloping
topography eflect provided that the angle of the slope o and the Rossby number Ro (the
ratio of the advection term to the Coriolis term in the horizontal momentum equations) are
sufficiently small [4]. The shallowest part of the tank corresponds to North. Hence, East
is to the right when looking upslope, West is to the left, and South is the deepest part of
the tank. The tank was filled with fresh water, which was initially in solid body rotation.
Seven circular ¢ylinders whose diameter is D were aligned in the North-South direction, and
cach of them was separated by a gap G as shown in Figures 6. The position of the central
cylinder (the fourth one from North (or South)) was always fixed. However, the position of

the other cylinders could be changed to vary the value G. The depth of the water at the
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Figure 8: The five configurations of the obstacles used in the experiments. The position of the fourth
cylinder from North (or South) was kept fixed.

central cylinder, hg, was chosen to be 11 ¢m which was much larger than the Ekman layer
depth égr = \/5_17? ~ 3 mm, where v is the kinematic viscosity of the water and f is the
Coriolis parameter. The bottom of each cylinder was sliced at an angle so it rested flush
with the sloping bottom.

A barotropic cyclonic vortex was generated by placing an ice cube in the water [14],
a method dynamically similar to withdrawing fluid from a sink positioned on the sloping
bottom. The water surrounding the ice cube, due to conduction, becomes colder than the
surrounding water and sinks as a cold plume, forming a cold dense lens within the thin
bottom Ekman layer. The dense plume induces inward velocities along the entire column
depth above the bottom lens, and then, influenced by the Coriolis force, the water column
(above the dense lens) starts to spin cyclonically. In order to conserve mass, the dense fluid
in the bottom Ekman layer flows radially outwards with a rapid velocity in comparison to
the rotation period of the tank and thus a dense anticyclonic vortex does not form on the
bottom. The fluid within the dense lens moves downslope together with the established
barotropic vortex above it. Influenced by the Coriolis force, both the cyclonic water column
and the cold lens change their direction and start drifting westward with a very small
meridional displacement. Although NBC rings are anticyclonic vortices, in the laboratory it
was not possible to reproduce stable barotropic anticyclones as they tend to be centrifugally
unstable [8] and become non-axisymmetric in a few rotation periods. Furthermore, NBC
rings have a baroclinic structure and move within a stratified fluid. As shown by (3], the
use of cyclonic vortices does not limit the generality of the results, which can be easily
extended to anticyclones. In particular, the circulation equation around the obstacle and
the equation relating the streamer velocity to the vortex velocity (the equation in Figure

3 (b)) still hold for anticyclones. We neglected the effect of a stratified environment and
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the influence of the advection mechanism on the interaction in our present study. Lack of
stratification is possibly the weakest point of our model but the good agreement between
the results obtained in [1, 2, 3] and the oceanic observations suggests that stratification
does not invalidate the relevance of the results discussed here.

For all the experiments, the Coriolis parameter f was fixed at 0.25 s~!, and v =
0.01 cm2s™!. The bottom slope was set at s = tan o = 0.5, where « is the angle between the
sloping bottom and the horizontal so that the self-propagating vortex could move westward
with a speed U ~ 0.2cms™!. The vortex was produced approximately 20 cm westward of
the eastern wall of the tank. Hence, the vortex moved 20 ¢m westward and interacted with
the chain of cylinders before the spindown time 7 = ho/v/vf &~ 200s. The diameter of the
cylinders, D, is 3.3c¢m. Three valucs for the size of the gaps, G = 3, 1.5, 0.7cm and five
types of configurations of the obstacles (Figure 8) were studied. The azimuthal velocity
profile of the vortex in the experiments, vy, is similar to that of a Rankine vortex with an
approximately constant vorticity (solid body rotation) for 0 < v’ < r; .. and a velocity
which decays roughly like 1/ for ' > r] .., where r’ is the radial coordinate originating
in the vortex center. We define the vortex radius r to be not 7/, where the azimuthal
velocity of the vortex is maximum, but the radial distance (from the center of the vortex)
where the velocity has decayed by approximately 30% (i.e. © = r],,,/0.7). This definition
for the vortex radius is same as the one in [1, 2]. The incident vortex diameter d ranged

between 7.6 — 19 ¢m due to non-uniformity of the size of the ice cubes used.

2.2 Measurements

A video camera was mounted above the tank and was fixed to the turntable so that we were
able to observe the flow in the rotating frame. For half of the experiments, the vortex was
made visible by using a white sloping bottom, dripping dye (food coloring) on the ice cube
and adding buoyant paper pellets on the free surface. The motion of the dyed vortex was
also observed from the side of the tank. For the rest of the experiments, the paper pellets on
the free surface and a black sloping bottom were used in order to measure the velocity field
and to calculate, for instance, the circulation of the vortex. Images were grabbed from the
recorded video tape by using XCAP. The time interval between each image was 0.15s. An
image processing software, DigiFlow was used to do particle tracking, and then calculate
the velocity field by mapping the individual velocity vectors onto a rectangular grid using
a spatial average over 2c¢m and the time average over 10s. Once the gridded velocity was
obtained, quantitics such as the position (center), the radial distance ' where the velocity
is maximum (i.e. r;,,,), and the circulation of the vortex (before and after the interaction

with the obstacles) were computed by using Matlab. Let z, y be the zonal and meridional
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coordinates in Figure 9, respectively. Further, let us define U, V to be the z-, y-component
of the vortex velocity, respectively. The position of the vortex center was determined as the
intersection of two lines; one is a line where |U| is maximum and parallel to the y-axis while
the other is a line where |V| is maximum and parallel to the z-axis (red lines in Figure 9).
Two different 7}, ,, were computed by defining two radial distances from the vortex center,
namely

Tmaz = ma:c(rl, 72, T'3, 7’4) ) Toy = average(rl, T2, T3, T4) )

where 7] is the radial distance from the vortex center to the eastward location where |V|
is maximum, 7y is the distance from the vortex center to the northward location where
|U| is maximum, etc. Defining mee, T4y was important particularly when the vortex was
distorted. Since rq, turned out to be better in general (that is, |U| and |V| are almost
maximum at ' = r4,), we focused only on the case 7,,, = Tqy. Once 77,,, was obtained,

the circulations of the vortex I'g, I'4 (before and after the interaction, respectively) were

FB ZAZLU,' ;
[

where A is the area of the single grid square, and w; is the relative vorticity at each grid

computed:

point within v/ = 7},,. = Tav, B (Tav, B = Tav before the interaction). A similar expression
can be written for I'4. By looking at the video tape, it is possible to know the number of
the offsprings N, whether or not a dipole was formed (or several dipoles were formed), and
whether there was a backward flow (fluid flowing between the cylinders from west to east)

or not.

3 Experimental results

3.1 G=3cm

Let us firstly discuss the results for G = 3em with d = 7.6 ~ 19¢m (0.16 < G/d < 0.4)
because it corresponds to the kind of geometry found when the NBC rings interact with
the Lesser Antilles. As soon as a vortex encountered the obstacles, a dipole almost always
formed for all the configurations showed in Figure 8. However, the formation of two or more
dipoles never occurred although the vortex extended for several cylinder and gap lengths.
After a dipole formed, the cyclonic part of the dipole became dominant. Depending on the
configurations of the obstacles and the initial vortex position, a relatively large cyclonic
offspring was produced either directly from the cyclonic part of the dipole, or from the
“remnant” of the original vortex at the gap positioned just “South” of the gap where the

dipole was formed. (The vortex moved south due to its image vortex. The degree of
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Figure 9: Velocity (arrows) and vorticity (colors) fields of a typical vortex in the experiments. The
intersection of the red lines is the center of the vortex. 7; (i = 1...4) are perpendicular distances from

the center to the green lines. The circulation based on 7, is the sum of the vorticity at each of the yellow

triangles.

the southward movement of the vortex depends on the configurations.) The number of
offsprings, N, was 1 in most cases, rarely 2, and never 0. The formation of large vortices
downstream of the obstacles is surprising as the gap width was only 16 ~ 40% of the
initial vortex diameter. Figures 10 & 11 show two laboratory experiments with G = 3
c¢cm. Figure 10 shows the velocity and vorticity fields for a configuration 7, while Figure
11 shows an experiment with configuration 3 in which a white sloping bottom and dye
were used to visualize the flow. By Figures 12 & 13, our experimental results and the
numerical observations [13] discussed in §1.2 can be compared. According to Figure 12, the
relative reduction of vortex intensity tends to be large (small 'y /T') for intense vortices
(large T'g), as observed in [13]. Figure 13(a) (Figure 13 (b)) is a plot of ‘Dig/Tqv, B VS
N’ (‘Dis1/Tav, B vs Backward flow’), where D;q is the total length of the ‘middle’ island
(e.g. Dyg = D = 3.3cm for configuration 3, D;y = 2D = 6.6cm for configuration 4 etc).
So D;si/rau, B is equivalent to L/R; used in [13]. Figure 13 (a) shows that, in most cases,
N =1, independently of the value of D;g /74y, g (or L/R;). This result is in disagreement
with the main result of [13]. On the contrary, Figure 13 (b) agrees with a result of [13]
because there is a backward flow when D,g/7qv. g (or L/R;) is small. ([13] says a vortex

did not ‘notice’ the existence of the islands if L/R; is small.)
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Figure 10: Velocity and vorticity fields for a configuration 7 experiment: (a) just before the interaction,
t = 19.5s; (b) dipole formation, ¢ = 48s; (c) the cyclonic part became dominant, ¢ = 102s; (d) offspring
formation, t = 126 s.

3.2 G=15cem, 0.7¢cm

When G was decreased, a different behaviour was observed: when G = 1.5¢m, a small
dipole still formed and the cyclonic part was dominant, and N = 0 or 1. When G = 0.7 cm,
a small portion of the vortex leaked through the gaps but no coherent structure was formed

(i.e. always N = 0). The reason why the vortex generation was suppressed for G = 0.7 cm

287




(c): t=144s (d): t =182s

Figure 11: A dyc cxperiment for a configuration 3: (a) just before the interaction, ¢ = 7s; (b) dipole

formation, t = 48 5; (¢) the cyclonic part became dominant, ¢ = 144 s; (d) offspring formation, ¢ = 182s.
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Figure 12: T4/Ty vs I'p. The legend represents the configurations of the obstacles illustrated in Figure
8.
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Figure 13: (a): Disi/Tav,B vs N where Dy is the total length of the ‘middle’ island (see the text for
details), and rav, B is 7oy before interaction with the cylinders. (b): D;q/rav, B vs ‘Backward flow’. x are
experiments with a black bottom slope, analysed by particle tracking. [0 and A are experiments with a white
bottom slope and dye, analysed by streak and eyes, respectively.

and was reduced for G = 1.5cm might be explained by considering the thickness of the
boundary layers (b.ls) over the vertical walls of the obstacles. (We are interested in only
the zonal b.Is since the flow through the gaps is zonal.) On the f-plane, the b.l thickness §
is expressed as
§=LE:/E: = HY )0}

where E;, = v/(QL?) is the Ekman number based on the horizontal length scale L, Eg =
v/(S1H?) is the Ekman number based on the vertical length scale H, and (2 is the rotation
rate of the system. In the laboratory, v = 0.01em?s™, Q = f/2 = 01255}, L =D =

3.3cm, and H = hg = 10cm.
= |0 =1.68cm].
On the B-plane, two kinds of zonal Ekman b.ls exist, namely
1 1
6zonal,m = (613;111)4 ) 6zonal,s = (53L)2 3

where 6, = (V/ﬂg)% is the Munk b.l, §; = r/8y is the Stommel b.l, r = dgf/(2H) is the
linear friction coefficient, 3y is the beta parameter, and dg = 4/2v/f is the bottom Ekman
layer depth. By = sf/H = 0.01255"1cm ™! in the laboratory.

= |0,0nal,m = 1.26cm , 0z0nal,s =0.97cm |.

Therefore, the largest thickness of these zonal b.ls is 1.68 cm. If the gap width G between

the cylinders is much smaller than 3¢m, then the viscous b.ls occupy the entire region

289




within each gaps, and consequently, the presence of the b.ls make the fluid within the gaps

slow. This is the rcason why the number of offsprings, N, decreased as G was reduced.

4 Conclusions and further studies

For G = 3 ¢m, a dipole was observed to form in most experiments for all the configurations
of the islands, however the formation of two or more dipoles never occurred. This result
invalidates our hypothesis. After a dipole formed, the cyclonic part of the dipole became
dominant. Depending on the configurations of the obstacles and the initial vortex position,
a relatively large offspring was produced either directly from the cyclonic part of the dipole,
or from the “remnant” of the original vortex at the gap positioned just “South” of the gap
where the dipole was formed. We also found that intense vortices experienced relatively
greater amplitude loss than weak vortices, and the number of offspring, N, was 1 in general,
independently of the size of the ‘middle’ islands. Observations of drifters in the Caribbean
Seca [11] mentioned in §1.1 might be explained from our experimental results. According
to [11], large encrgetic anticyclonic vortices were found downstream of the Lesser Antilles
and translated westward while cyclonic vortices were observed primarily near boundaries in
the Eastern Caribbean Sea. The weak cyclonic vortices may have been produced from the
cyclonic part of a dipole formed when a NBC ring collided with the islands. It seems likely
that the dominant anticyclonic offspring was formed either directly from the anticyclonic
part of the dipole, or from the “remnant” of the original vortex (after the dipole formation).
When G is smaller than a critical value (G < 0.7 ¢m), no vortices were formed. This may
suggest that for small enough island passages, no vortices are formed in the ocean due to
the presence of b.ls that can slow the fluid within the gaps. This hypotheses is hard to
prove because the occanic kinematic viscosity v is not known for this particular process.
In the present study, the vortices were cyclonic and barotropic. Moreover, they ap-
proached perpendicularly to the chain of obstacles. On the contrary, in the ocean, NBC
rings are anticyclonic and baroclinic, and they move along an oblique direction to the line
of the islands. It would be interesting to see how the results described above would be
modified by the inclusions of these details (i.e. anticyclonic vortices, baroclinicity, direction

of propagation) in the laboratory experiments.
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